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“A lucid representation of the fundamental concepts and methods of the whole field of 
mathematics.. .. Easily understandable.” Albert Einstein* 


Written for beginners and scholars, for students and teachers, for philosophers and 
engineers, What is Mathematics? is a sparkling collection of mathematical gems that 
offers an entertaining and accessible portrait of jhe mathematical world. Brought up to 
date with a new chapter by Ian Stewart, this second edition offers new insights into 
recent mathematical developments and describes proofs of the Four-Color Theorem 
and Fermat's Last Theorem, problems that were still open when Courant and Robbins 
wrote this masterpiece, but ones that have since been solved. 

A marvelously literate story, What is Mathematics? opens a window onto the world 
of mathematics. 


*Praise for the first edition: 


“Without doubt, the work will have great influence. It should be in the hands of everyone, 
professional or otherwise, who is interested in scientific thinking.” The New York Times 


“A work of extraordinary perfection.” Mathematical Reviews 


“Excellent....Should prove a source of great pleasure and satisfaction.” 
Journal of Applied Physics 


“This book is a work of art.” Marston Morse 


“It is a work of high perfection....It is astonishing to what extent What is Mathematics? 
has succeeded in making clear by means of the simplest examples all the fundamental ideas 
and methods which we mathematicians consider the life blood of our science.” 

Herman Weyl 


The late Richard Courant, headed the Department of Mathematics at New York University 
and was Director of the Institute of Mathematical Sciences, which was subsequently 
renamed the Courant Institute of Mathematical Sciences. His book Mathematical Physics is 
familiar to every physicist, and his book Differential and Integral Calculus is acknowledged 
to be one of the best presentations of the subject written in modem times. Herbert Robbins 
is New Jersey Professor of Mathematical Statistics at Rutgers University. Ian Stewart is 
Professor of Mathematics at the University of Warwick, and author of Nature's Numbers and 
Does God Play Dice? He also writes the “Mathematical Recreations” column in Scientific 
American. In 1995 he was awarded the Royal Society's Michael Faraday medal for signifi- 
cant contribution to the public understanding of science. 


. . adi HTM AN! It 9 0 000 
Cover design by David Tran 
Oxford Paperbacks | | | | | | | 
Oxford University Press 9 8780 195"105193 


U.S. $19.95 ISBN 0-19-510519-2 


WHAT IS MATHEMATICS? 


WHAT IS 


Mathematics? 


AN ELEMENTARY APPROACH TO 
IDEAS AND METHODS 
Second Edition 


BY 
RICHARD COURANT 


Late of the 
Courant Institute of Mathematical Sciences 
New York University 


AND 
HERBERT ROBBINS 


Rutgers University 


Revised by 
IAN STEWART 


Mathematics Institute 
University of Warwick 


New York Oxford 
OXFORD UNIVERSITY PRESS 
1996 


Oxford University Press 


Oxford New York 
Athens Auckland Bangkok Boyota Bombay 
Buenos Aires Calcutta) Cape Town Dar es Salaam 
Delhi Florence Hong Kong Istanbul Karachi 
Kuala Lumpur Madras Madrid Melbourne 
Mexico City Nairobi Paris Singapore 
Taipet Tokyo Toronto 


and associated companies in 
Berlin {badan 


Copyright © 1941 (renewed 1969) by Richard Courant; 
Revisions copyright © 1996 by Oxford University Press, Inc. 


First published in 1941 by Oxford University Press, Ine.. 
198 Madison Avenue. New York, New York 10016 


First issued as an Oxford University Press paperback, 1978 
First published as a second edition, 1996 
Oxford is a registered trademark of Oxford University Press 


All rights reserved. No part of this publication may be reproduced, 
stored in a retrieval system, or transiutted, in any form or by any means, 
electronic, mechanical, photocopying, recording. or otherwise, 
without the poor permission of Oxford University Press. 


Library of Congress Cataloging-in- Publication Data 
Courant, Richard. 1888-1972, 
What is mathematics? : an elementary approach to ideas and methods 
t by Richard Courant and Herbert Robbins. — 2nd ed. / revised by lan Stewart. 
p. ecem. includes bibliographical references and index. 
ISBN 0-19-510514.2 
I. Mathematics. 1. Robbins, Herbert. II. Stewart. lan, 1945 . M. Title. 
QAST ACO IH Bi —de20 Yanig 


a7 UR A 4 


Printed in the United States of Amenica 
onacid free paper 


DEDICATED TO 


ERNEST, GERTRUDE, HANS, 


AND LEONORE COURANT 


CONTENTS 


PREFACE TO SECOND EDITION 
PREFACE TO REVISED EDITIONS 
PREFACE TO FIRST EDITION 
How To USE THE BOOK 

WHAT IS MATHEMATICS? 


CHAPTER I. THE NATURAL NUMBERS ...... 0.000 ccc cc ccc eee ron raran nnan renren l 
Introduction ....... cece ee eee eed ennaa aoro rana aeaea 1 
§1. Calculation with Integers .. 2.0.0.0... ccc tee eee eee ] 


l. Laws of Arithmetic. 2. The Representation of Integers. 3. 
Computation in Systems Other than the Decimal. 

§2. The Infinitude of the Number System. Mathematical Induction........... 9 
1. The Principle of Mathematical Induction. 2. The Arithmetical Progres- 
sion, 3. The Geometrical Progression. 4. The Sum of the First 7 
Squares. 5. An Important Inequality. 6. The Binomial Theo- 
rem. 7. Further Remarks on Mathematical Induction. 


SUPPLEMENT TO CHAPTER I. THE THEORY OF NUMBERS ...........00ccucecaceeuaces 21 
Introduction .......a s, cc ee rarena te nen ne eben evens beenbebeae 21 
§1. The Prime Numbers...........0..0 0.00.00. cece cece ce ee ee eee e nee nnes 21 


I. Fundamental Facts. 2. The Distribution of the Primes. a. Formulas 
Producing Primes. b. Primes in Arithmetical Progressions. c. The Prime 
Number Theorem. d. Two Unsolved Problems Concerning Prime Num- 


bers. 
§2. COMBMences 2.2... ce eee tent rar eee tee eneee al 
1. General Concepts. 2. Fermat's Theorem. 3. Quadratic Residues, 
$3, Pythagorean Numbers and Fermat's Last Theorem ................ sser 40 
§4. The Euclidean Algorithm. ......0..00. 20.00 cee etre eee eee 42 


l. General Theory. 2. Application to the Fundamental Theorem of Arith- 
metic. 3. Euler's ¢ Function. Fermats Theorem Again. 4. Continued 
Fractions. Diophantine Equations. 


CHAPTER IL THE NUMBER SYSTEM OF MATHEMATICS ..... 00000000 ee caue eens neues 52 
Introduction .. 2.0.0.0... 0. cee ce cece cee Aaaa aaa FRA 
$1. The Rational Numbers... 0.0.0.0. 0c cece ce cece eee evens 52 


l. Rational Numbers as a Device for Measuring. 2. Intrinsic Need for the 
Rational Numbers. Principal of Generalization. 3. Geometrical Interpre- 
tation of Rational Numbers. 

$2. Incommensurable Segments, Irrational Numbers, and the Cancept of 
l. Introduction. 2. Decimal Fractions. Infinite Decimals. 3. Lim- 
its, Infinite Geometrical Series. 4. Rational Numbers and Periodic Deci- 


CONTENTS 


mals. 5. General Definition of Irrational Numbers by Nested 
Intervals. 6. Alternative Methods of Defining § Irrational Num- 
bers. Dedekind Cuts. l 


§3. Remarks on Analytic Geometry .........0.2. 2000 cee ee ee eee 72 
1. The Basic Principle. 2. Equations of Lines and Curves. 
§4. The Mathematical Analysis of Infinity..........0. 0... c eee ee eee ee 77 


I. Fundamental Concepts. 2. The Denumerability of the Rational Num- 

bers and the Non-Denumerability of the Continuum. 3. Cantor's “Cardinal 
Numbers.” 4. The Indirect Method of Proof. 5. The Paradoxes of the ln- 

finite. 6. The Foundations of Mathematics. 

$5, Complex Numbers .505. ecede Gwe oe Peed eeu ee ae ee SANS ota dew dadal 88 

l. The Origin of Complex Numbers. 2. The Geometrical Interpretation of 
Complex Numbers, 3. De Moivre's Formula and the Roots of 
Unity. 4. The Fundamental Theorem of Algebra. 


Algahraic and Traneserandental Numbers.... 103 


RS arag Daata b CIE perio Te kes LLI Se oe) 


l. Definition and Existence. 2. Liouville’s Theorem ind the Cönsticton 
of Transcendental Numbers. 

SUPPLEMENT TO CHAPTER II. THE ALGEBRA OF SETS ......0.0.0 cucu cece er aueeene 108 
l. General Theory. 2. Application to Mathematical Logic. 3. An Appli- 
cation to the Theory of Probability. 


hye 


S 


CHAPTER ITI. GEOMETRICAL CONSTRUCTIONS. THE ALGEBRA OF NUMBER FIELDS ..... 117 
Introduction correrse tae Sie eee eee Sea ee oe ee re watt mea eae Ee 117 
Part I. Impossibility Proofs and Algebra... 0.0.0.0... ccc cee eee eee 120 

§1. Fundamental Geometrical Constructions. ...........0 00.0 ee eee es 120 


l. Construction of Fields and Square Root Extraction, 2. Regular Poly- 
gons. 3. Apollonius’ Problem. 


$2. Constructible Numbers and Number Fields. ............. 20: cece eeerars 127 
1. General Theory. 2. All Constructible Numbers are Algebraic. 
§3. The Unsolvability of the Three Greek Problems... ..........00.0 0 cee 134 


1. Doubling the Cube. 2. A Theorem on Cubic Equations. 3. Trisecting 
the Angle. 4. The Regular Heptagon. 5. Remarks on the Problem of 
Squaring the Circle. 
Part II. Various Methods for Performing Constructions. .....0...6 0.0.0.0 es 140 
§4. Geometrical Transformations. Inversion.............0..00 eee cee ees 140 
l. General Remarks. 2. Properties of Inversion. 3. Geometrical Con- 
struction of Inverse Points. 4. How to Bisect a Segment and Find the Cen- 
ter of a Circle with the Compass Alone. 
&5. Constructions with Other Tools. Mascheroni Constructions with Compass 
ATONE ieee otaa E ead eee it Vie Vk ee bos Sars os Sue rede E 146 
1. A Classical Construction for Doubling the Cube. 2. Restriction to the 
Use of the Compass Alone. 3. Drawing with Mechanical Instru- 
ments. Mechanical Curves. Cycloids. 4. Linkages. Peaucellier’s and 
Hart's Inversors. 
$6. More About Inversions and its Applications ........... 0.00.0 cere eee 158 
l. Invariance of Angles. Families of Circles. 2. Application to the Prob- 
lem of Apollonius. 3. Repeated Reflections. 
CHAPTER IV. PROJECTIVE GEOMETRY. AXIOMATICS. NON-E(CLIDEAN GEOMETRIES.. 165 
ST: Introduction: 425% x4, ce58 enact eee Madey aaa Geeks we diea "asd Ei E A AE O 166 


CONTENTS 


L Classification of Geometrical Properties. Invariance under Transfor- 
mations. 2. Projective Transfornuations 


§2. Fundamental Concepts 168 
1. The Group of Projective Transformations. 2. Desargues's Theorem. 

§3. Cross-Rahlo oo nee eee 172 
l. Definition and Proof of Invariance. 2. Application to the Complete 
Quadrilateral. 

$4. Parallelism and Infinity... 000000000 cece tee eens 180 


l. Points at Infinity as “Ideal Points.” 2. Ideal Elements and Projec- 
tion. 3. Cross-Raho with Elements at Infinity. 

85. Applications... 00.000. 06 ce ee eee teeta eee 185 
l. Preluninary Remarks. 2. Proof of Desargues's Theorem in the 
Plane. 3. Pascal's Theorem. 4. Brianchon’s Theorem. 5. Remark on 
Duality, 

86. Analytic Representation 20.0600. 0 en ae tenes if] 
1. introductory Remarks. 2. Homogeneous Coordinates. The Algebraic 
Basis of Duality. 

§7. Problems on Constructions with the Suraightedge Alone. ..............-. 196 

§8. Conics and Quadre Surfaces ....0.0.0.00.0...000000.0 02024 cane ae 198 
l. Elementary Metric Geometry of Conics. 2. Projective Properties of 
Conics. 3. Conies as Line Curves. 4. Pascal's and Brianchon’s General 
Theorems for Conies, 5. The Hyperboloid. 

§9. Axiomatics and Non-Euclidean Geometry .... 2022... , fee. 214 
l. The Axiomatic Method. 2. Hyperbolic Non- Euclidean Geolte- 
try. 3. Geometry and Reality. 4. Poincaré’s Model. 5. Elliptic or Rie- 
Niannian Geometry. 


APPENDIX. GEOMETRY tN MORE THAN THREE DIMENSIONS 0.000000. 0.0.000200005 227 
1, Introducnion. 2. Analyuc Approach. 3. Geometrical or Combinatorial 
Approach. 
CHAPTER V. TOPOLOGY aaa ee Do nee tans rs) 
Introduction 20.000 ene neta ee neta eee .. 235 
$1. Euler's Fonmila for Polyhedra.. 2.0.00 2.000600 2 ee ES | 5 
$2. Topological Properties of Figures 241 
1. Topological Properties 2. Connectivity. 
$3. Other Exantples of Topological Theorems,  ...........-. a 2H 


1. The Jordan Curve Theorem. 2, The Four Color Problem. 3. The Con- 
cept of Dimension. 4. A Fixed Poi Theorem. 5 Knots 

$4. The Topological Classification of Surfaces. 0.00002 02 aaa 256 
1 The Genus of a Surface. 2. The Euler Characteristic of a Sur- 
face, 3, One-Sided Surfaces. 

APPENDIX. 0000.00.00. bee 264 
1. The Five Color Theorent, 2 The Jordan Curve Theorem for Poly. 
gons. 3. The Fundantental Theorem of Algebra. 

CHAPTER VI FUNCTIONS AND LIMITS | - 2 
Introduction... ec a a ter a’ RD 
L Vanahie and Fiunetioit.... a Le kn a tee ee p 
1, Definitions and Examples 2. Radian Measure of Angles. 3 The 
Graph of a Function, Inverse Functions 4 Compound Func- 


CONTENTS 


tions. 5, Continuity, 6. Functions of Several Variables. 7. Functions 
and Transformations. 
§2. Limits ..... ee Senn een en eer enter nee eens 289 
1. The Limit of aSequencea,, 2. Monotone Sequences, 3. Euler's Num- 
bere. 4, The Numberz. 5, Continued Fractions. 
§3. Limits by Continuous Approach. ......... 0.00 ce eer e ere ene truest? 303 
1, Introduction. General Definition. 2, Remarks on the Limit Con- 
cept. 3. The Limit of sin r/r. 4. Limits as r — x. 
§4. Precise Definition of Continuity.........0.. 0.0.0 aeaaea ee ees 310 
$5, Two Fundamental Theorems on Continuous Functions ..........-....0. 312 
i. Bolzano's Theorem. 2. Proof of Boizano’s Theorem. 3, Weierstrass’ 
Theorem on Extreme Values. 4. A Theorem on Sequences. Compact Sets. 


$6. Some Applications of Bolzanos Thoerem ..............:0c eee ene eens 317 

i. Geometrical Applications. 2. Application to a Problent in Mechanics, 
SUPPLEMENT TO CHAPTER VL MORE EXAMPLES ON LIMITS AND CONTINUITY. ....... 322 
$1. Examples of Limits, 0... 00.0 ee eee eee sarera 322 


1. General Remarks. 2. The Limit of q". 3. The Limit of ”,p. 4. Discon 
tinuous Functions as Limits of Continuous Functions. 5. Limits by Itera- 


tion. 
§2, Example on Continuity .. 0.0.00. cece eee eee eee teas 327 
CHAPTER VII. MAXIMA AND MINIMA .....0...0-020.00-0 0000 eee eee ceee aaron 329 
Introduction 2.000. ec eee ee eee eee eee ene ceeeane 329 
$1. Problems in Elementary Geometry .....00 0.0.0.0 ccc cee er ee eens 330 


L Maximum Area of a Triangle with Two Sides Given. 2. Heron's Tho- 
erem. Extremum Property of Light Rays. 3. Applications to Problems on 
Triangles. 4 Tangent Properties of Filipse and liyper- 
bola. Corresponding Extremum Properties. 5. Extreme Distances to a 
Given Curve. 


§2. A General Principal Underiying Extreme Value Probiems...........-.... 338 
1. The Principle. 2. Examples. 
§3. Stationary Points and the Differential Calculus. ......022.0...2.2222.0.-.. 341 


1. Extrema and Stationary Points. 2. Maxima and Minima of Functions 
of Several Variables. Saddle Points, 3. Minimax Points and Topol- 
ogy. 4. The Distance fron a Point to a Surface. 

$4. Schwarz’s Triangle Problem... 2... 0.00. ee etn eee 346 
l. Schwarz's Proof. 2. Another Proof. 3. Obtuse Triangles, 

4, Triangles Formed by Light Rays. 5. Remarks Concerning Problems of 
Reflection and Ergodic Motion. 

$5. Steiner's Problem ......0..0.0 0000 00 2 cc ee ee ett eee eee 354 
l. Probiem and Solution. 2. Analysis 
mentary Problem. 4. Remarks and 
Street Network Problem. 

§6, Extrema and Inequalities. ....0..00.0.00 0.00.0 0. eee ce eee rarna 36] 
1, The Arithmetical and Geometrical Mean of Two Positive 
Quantities, 2. Generalization to 7 Variables. 3. The Method of Least 
Squares. 

§7. The Existence of an Extremum.  Dirichlet’s Principle... 20... 0.-.-...- 366 


CONTENTS 


1, General Remarks. 2. Examples, 3. Elementary Extremum Prob- 
lems, 4. Difficulties in Higher Cases. 


§8. The Isoperimetric Problem, ... 2.2.2.0. ccc ccna et eee eens 373 
§9. Extremum Problems with Boundary Conditions. Connection Between Stei- 

ner's Problem and the Isoperimetric Problem ..............0.0cceeen 376 
§10. The Calculus of Variations ......00.0 000 cc ccc cece ete e eee ee 379 


1. Introduction. 2. The Calculus of Variations. Fermat's Principle in Op- 
tics. 3. Bernoulli's Treatment of the  Brachistochrone Prob- 
lem. 4, Geodesics on a Sphere. Geodesics and Maxi-Minima. 

§11. Experimental Solutions of Minimum Problems. Soap Film Experiments.. 385 
1. Introduction. 2, Soap Film Experiments. 3. New Experiments on Pla- 
teau's Problem. 4, Experimental Solutions of Other Mathematical Prob- 


lems, 
CHAPTER VIII. THE CALCULUS. 0.0.0.0. 0c cece pe eee ew eee eee e ene 398 
Introduction... 0... ee ened eee eee e ee tpn eee weep eaees 398 
$1. The Integral. 0. ce eee eee ee eee e ee te bene t ewes 399 


1. Area as a Limit. 2. The Integral. 3. General Remarks on the Integral 
Concept. General Definition. 4. Examples of Integration. Integrationof 


2, 6. Rules for the “Integral Calculus" 
§2. The Derivative... 000 eee ee pee eee teens enn 414 


l. The Derivative as a Slope. 2. The Derivative as a 
Limit. 3, Examples. 4. Derivatives of Trigonomeétrical Func- 
tions. 5, Differentiation and Continuity. 6. Derivative and  Veloc- 


ity. Second Derivative and Acceleration. 7. Geometrical Meaning of the 
Second Derivative. 8. Maxima and Minima. 
$3. The Technique of Differentiation. ........... 0.0.0. ee eee 427 
$4. Leibniz’ Notation and the “Infinitely Small" ......... LL Luanna ee ee 433 
§5. The Fundamental Theorem of the Calculus......... 0.0.0... 0 ccc eee eee 436 


1. The Fundamental Theorem. 2. First Applications. Integration of r, 
eos .«, sinr. Arc tan rx. 3. Leibniz’ Formula for n 

86. The Exponential Function and the Logarithm. ........ 0000. c cee eee 442 
1. Definition and Properties of the Logarithm. Euler's Numbere. 2. The 
Exponential Function. 3. Formulas for Differentiation of e, a’, 
x. 4. Explicit Expressions for e, e’, and log x as Limits. 5. Infinite Series 
for the Logarithin. Numerical Calculation. 


7. Differenti al Equations 452 


| Aiala haa at ee S S EE E E E E E E a r a a r E r r a O E a 


1. Definition. 2. The Differential Equation of the Exponential Func- 
tion. Ponet Disintegration. Law of Growth. Compound Inter- 
est. 3. Other Examples. Simplest Vibrations. 4. Newton's Law of 
Dynamics. 
SUPPLEMENT TO CHAPTER VIII... 0.020000... 0c eee een ene 462 

§1. Matters of Principle... 0. 00 te ete rra 462 
l. Differentiability. 2. The Integral. 3, Other Applications of the Con- 
cept of Integral. Work. Length. 

g2, Orders of Magnitude ..........0. 0... 0c ee cee ee ee ee eee 469 
1. The Exponential Function and Powers of .r. 2. Order of Magnitude of 
log (7!). 


Ln 


CONTENTS 


§3. Infinite Series and Infinite Products ......0 0.00. cee cece ee ete ene as 
1. Infinite Series of Functions. 2. Euler's Formula, cos xv + i sin x = 


e*. 3. The Harmonic Series and the Zeta Function. Euler's Product for 


the Sine. 
§4. The Prime Number Theorem Obtained i by $ Statistical Methods............ 
CHAPTER TX, RECENT DEVELOPMENTS .... . 
§1. A Formula for Primes ...... eaaa ccc cece ete een ee tea eee nea 
§2. The Goldbach Conjecture and Twin Primes ..........0 0.0 cee erence ens 
§3. Fermat's Last Theorem . 0.00.00. 00 00 ccc ee nee n etna 
§4. The Continuum Hypothesis. 0.0.0.0... cree tee ee baa 
85. Set-Theoretic Notation. .......0... 00. ccc cc ce ee een teen tenes 
86. The Four Color Theorem ....0.0.0.000.0 000 cee cee eee eects e tae 
§7. Hausdorff Dimension and Fractals 0.0.0.0... 00 ccc ee eat anes 
§8. Knots 0.0.0.0. ccc eet eee een eee tebe een ten renere 
§9. A Problem in Mechanics ........0.. 0.0.0.0. c cece ever eure ete tenn nees 
§10. Steiner's Problem. 2.00.0. 0. en en ee eee nee 
§11. Soap Films and Minimal Surfaces .. 0.0.0.0... cece ce een 
§12. Nonstandard Analysis .......0.0-00 0 0c c eee eee eee eee 
APPENDIX: SUPPLEMENTARY REMARKS, PROBLEMS, AND EXERCISES..............055 
Arithmetic and Algebra... 0... 0. ec ee eee teens 
Analytic Geometry. 00. 0c ee araro te teen ep tans 
Geometrical Constructions ...,, saasa rearen rara rroan rora nett panne 
Projective and Non-Euclidean Geometry... pa 0.020. eee 
Topology... ee ee eee eee eee ee 
Functions, Limits, and Continuity Seeder eee bere ee bree ebay pays 


The Calculus... ee ee ee ee eee eee be eee pete nee 
Technique of Integration ........00 000... e ccc eee teens 
SUGGESTIONS FOR FURTHER READING. ... 0.0.0.0: : cece peer eee ere rerbe naarn 
SUGGESTIONS FOR ADDITIONAL READING ....0..0 000.0005 ce see eeeee buenas 
jE] 0) op ounanana naaa maamaa n nanara naaraana aaar arara erasana anana 


FOREWORD 


In the summer of 1937, when I was a young college student, I was 
studying calculus by going through my father’s book Differential and 
Integral Calculus with him. I believe that is when he first conceived of 
writing an elementary book on the ideas and methods of mathematics 
and of the possibility that I might help with such a project. 

The book, What is Mathematics?, evolved in the following years. I 
recall participating in intensive editing sessions, assisting Herbert Rob- 
bins and my father, especially in the summers of 1940 and 1941. 

When the book was published, a few copies had a special title page: 
Mathematics for Lori, for my youngest sister (then thirteen years old). 
A few years later, when I was about to be married, my father challenged 
my wife-to-be to read What Is Mathematics. She did not get far, but she 
was accepted into the family nonetheless. 
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was mmea 
with the wire frames used in the soap film demonstrations described in 
Chapter VII, §11. These were a source of endless fascination for the 
grandchildren. Although my father never repeated these demonstrations 
for them, several of his grandchildren have since gone into mathematics 
and related pursuits. 

No really new edition was ever prepared since the original publica- 
tion. The revised editions referred to in the preface were essentially 
unchanged from the original except for a few corrections of minor er- 
rors and misprints; all subsequent printings have been identical to the 
third revised edition. In his last years, my father sometimes talked of 
the possibility of a major modernization, but he no longer had the energy 
for such a task. 

Therefore I was delighted when Professor Ian Stewart proposed the 
present revision. He has added commentaries and extensions to several 
of the chapters in the light of recent progress. We learn that Fermat’s 
Last Theorem and the four-color problem have been solved, and that 
infinitesimal and infinite quantities, formerly frowned upon as flawed 
concepts, have regained respectability in the context of “nonstandard 
analysis.” (Once, during my undergraduate years, I used the word “‘in- 
finity,” and my mathematics professor said, “I won't have bad language 
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in my class!”) The bibliography has been extended to the present. We 
hope that this new edition of What Is Mathematics? will again stimulate 
interest among readers across a broad range of backgrounds. 


Emest D. Courant 
Bayport, N. Y. 
September 1995 


PREFACE TO THE SECOND EDITION 


What Is Mathematics? is one of the great classics, a sparkling collec- 
tion of mathematical gems, one of whose aims was to counter the idea 
that “mathematics is nothing but a system of conclusions drawn from 
definitions and postulates that must be consistent but otherwise may be 
created by the free will of the mathematician.” In short, it wanted to put 
the meaning back into mathematics. But it was meaning of a very dif- 
ferent kind from physical reality, for the meaning of mathematical ob- 
jects states “only the relationships between mathematically ‘undefined 
objects’ and the rules governing operations with them.” It doesn’t matter 
what mathematical things are: it’s what they do that counts. Thus math- 
ematics hovers uneasily between the real and the not-real; its meaning 
does not reside in formal abstractions, but neither is it tangible. This 
may cause problems for philosophers who like tidy categories, but it is 
the great strength of mathematics—what I have elsewhere called its 
“unreal reality.” Mathematics links the abstract world of mental con- 
cepts to the real world of physical things without being located com- 
pletely in either. 

I first encountered What Is Mathematics? in 1963. I was about to take 
up a place at Cambridge University, and the book was recommended 
reading for prospective mathematics students. Even today, anyone who 
wants an advance look at university mathematics could profitably skim 
through its pages. However, you do not have to be a budding mathe- 
matician to get a great deal of pleasure and insight out of Courant and 
Robbins’s masterpiece. You do need a modest attention span, an interest 
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of your depth. High-school algebra, basic calculus, and trigonometric 
functions are enough, although a bit of Euclidean geometry helps. 

One might expect a book whose most recent edition was prepared 
nearly fifty years ago to seem old-fashioned, its terminology dated, its 
viewpoint out of line with current fashions. In fact, What Is Mathemat- 
ics? has worn amazingly well. Its emphasis on problem-solving is up to 
date, and its choice of material has lasted so well that not a single word 
or symbol had to be deleted from this new edition. 

In case you imagine this is because nothing ever changes in mathe- 
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matics, I direct your attention to the new chapter, “Recent Develop- 
ments,” which will show you just how rapid the changes have been. No, 
the book has worn well because although mathematics is still growing, 
it is the sort of subject in which old discoveries seldom become obso- 


at LEJ . : 
lete. You cannot “unprove” a theorem. True, you might occasionally find 


that a long-accepted proof is wrong—it has happened. But then it was 
never proved in the first place. However, new viewpoints can often ren- 
der old proofs obsolete, or old facts no longer interesting. What Is Math- 
ematics? has worn well because Richard Courant and Herbert Robbins 
displayed impeccable taste in their choice of material. 

Formal mathematics is like spelling and grarmmar—a matter of the 
correct application of local rules. Meaningful mathematics is like jour- 
nalism—it tells an interesting story. Unlike some journalism, the story 
has to be true. The best mathematics is like literature—it brings a story 
to life before your eyes and involves you in it, intellectually and emo- 
tionally. Mathematically speaking, What Is Mathematics? is a very lit- 
erate work. The main purpose of the new chapter is to bring Courant 
and Robbins’s stories up to date—for example, to describe proofs of 
the Four Color Theorem and Fermat’s Last Theorem. These were major 
open problems when Courant and Robbins wrote their masterpiece, but 
they have since been solved. I do have one genuine mathematical quib- 
ble (see §9 of “Recent Developments”). I think that the particular issue 


Tornar 1 rn 
involved is very much a case where the viewpoint has changed. Courant 


and Robbins's argument is correct, within their stated assumptions, but 
those assumptions no longer seem as reasonable as they did. 

I have made no attempt to introduce new topics that have recently 
come to prominence, such as chaos, broken symmetry, or the many 
other intriguing mathematical inventions and discoveries of the late 
twentieth century. You can find those in many sources, in particular my 
book From Here to Infinity, which can be seen as a kind of companion- 
piece to this new edition of What Is Mathematics?. My rule has been to 
add only material that brings the original up to date—although I have 
bent it on a few occasions and have been tempted to break it on others. 

What Is Mathematics? 

Unique. 


Jan Stewart 
Coventry 
June 1995 


PREFACE TO THE REVISED EDITIONS 


During the last years the force of events has led to an increased de- 
mand for mathematical information and training. Now more than ever 
there exists the danger of frustration and disillusionment unless stu- 
dents and teachers try to look beyond mathematical formalism and ma- 
nipulation and to grasp the real essence of mathematics. This book was 
written for such students and teachers, and the response to the first 
edition encourages the authors in the hope that it will be helpful. 

Criticism by many readers has led to numerous corrections and im- 
provements. For generous help with the preparation of the third revised 
edition cordial thanks are due to Mrs. Natascha Artin. 


R. Courant 
New Rochelle, N. Y. 
March 18, 1943 
October 10, 1945 
October 28, 1947 


PREFACE TO THE FIRST EDITION 


For more than two thousand years some familiarity with mathematics 
has been regarded as an indispensable part of the intellectual equipment 
of every cultured person. Today the traditional place of mathematics in 
education is in grave danger. Unfortunately, professional representa- 
tives of mathematics share in the responsibility. The teaching of math- 
ematics has sometimes degenerated into empty drill in problem solving, 
which may develop formal ability but does not lead to real understand- 
ing or to greater intellectual independence. Mathematical research has 
shown a tendency toward overspecialization and overemphasis on ab- 
straction. Applications and connections with other fields have been ne- 
glected. However, such conditions do not in the least justify a policy of 
retrenchment. On the contrary, the opposite reaction must and does 
arise from those who are aware of the value of intellectual discipline. 
Teachers, students, and the educated public demand constructive re- 
form, not resignation along the line of least resistance. The goal is gen- 
uine comprehension of mathematics as an organic whole and as a basis 
for scientific thinking and acting. 

Some splendid books on biography and history and some provocative 
popular writings have stimulated the latent general interest. But knowl- 
edge cannot be attained by indirect means alone. Understanding of 
mathematics cannot be transmitted by painless entertainment any more 
than education in music can be brought by the most brilliant journalism 
to those who never have listened intensively. Actual contact with the 
content of living mathematics is necessary. Nevertheless technicalities 
and detours should be avoided, and the presentation of mathematics 
should be just as free from emphasis on routine as from forbidding 
dogmatism which refuses to disclose motive or goal and which is an 
unfair obstacle to honest effort. It is possible to proceed on a Straight 
road from the very elements to vantage points from which the substance 
and driving forces of modern mathematics can be surveyed. 

The present book is an attempt in this direction. Inasmuch as it pre- 
supposes only knowledge that a good high school course could impart, 
it may be regarded as popular. But it is not a concession to the danger- 
ous tendency toward dodging all exertion. It requires a certain degree 
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of intellectual maturity and a willingness to do some thinking on one’s 
own. The book is written for beginners and scholars, for students and 
teachers, for philosophers and engineers, for class rooms and libraries. 
Perhaps this is too ambitious an intention. Under the pressure of other 
work some compromise had to be made in publishing the book after 
many years of preparation, yet before it was really finished. Criticism 
and suggestions will be welcomed. 

At any rate, it is hoped that the book may serve a useful purpose as 
a contribution to American higher education by one who is profoundly 
grateful for the opportunity offered him in this country. While respon- 
sibility for the plan and philosophy of this publication rests with the 
undersigned, any credit for merits it may have must be shared with 
Herbert Robbins. Ever since he became associated with the task, he has 
unselfishly made it his own cause, and his collaboration has played a 
decisive part in completing the work in its present form. 

Grateful acknowledgement is due to the help of many friends. Dis- 
cussions with Niels Bohr, Kurt Friedrichs, and Otto Neugebauer have 
influenced the philosophical and historical attitude; Edna Kramer has 
given much constructive criticism from the standpoint of the teacher, 
David Gilbarg prepared the first lecture notes from which the book orig- 
inated; Ernest Courant, Norman Davids, Charles de Prima, Alfred Horn, 
Herbert Mintzer, Wolfgang Wasow, and others helped in the endless task 
of writing and rewriting the manuscript, and contributed much in im- 
proving details, Donald Flanders made many valuable suggestions and 
scrutinized the manuscript for the printer; John Knudsen, Hertha von 
Gumppenberg, Irving Ritter, and Otto Neugebauer prepared the draw- 
ings; H. Whitney contributed to the collection of exercises in the appen- 
dix. The General Education Board of the Rockefeller Foundation 
generously supported the development of courses and notes which then 
became the basis of the book. Thanks are also due to the Waverly Press, 
and in particular Mr. Grover C. Orth, for their extremely competent 
work; and to the Oxford University Press, in particular Mr. Philip Vaud- 
rin and Mr. W. Oman, for their encouraging initiative and coöperation. 


R. Courant 
New Rochelle, N. Y. 
August 22, 1941 


HOW TO USE THE BOOK 


The book is written in a systematic order, but it is by no means nec- 
essary for the reader to plow through it page by page and chapter by 
chapter. For example, the historical and philosophical introduction 
might best be postponed until the rest of the book has been read. The 
different chapters are largely independent of one another. Often the 
beginning of a section will be easy to understand. The path then leads 
gradually upward, becoming steeper toward the end of a chapter and in 
the supplements. Thus the reader who wants general information rather 
than specific knowledge may be content with a selection of material 
that can be made by avoiding the more detailed discussions. 

The student with slight mathematical background will have to make 
a choice. Asterisks or small print indicate parts that may be omitted at 
a first reading without seriously impairing the understanding of subse- 
quent parts. Moreover, no harm will be done if the study of the book is 
confined to those sections or chapters in which the reader is most in- 
terested. Most of the exercises are not of a routine nature; the more 
difficult ones are marked with an asterisk. The reader should not be 
alarmed if he cannot solve many of these. 

High school teachers may find helpful material for clubs or selected 
groups of students in the chapters on geometrical constructions and on 
maxima and minima. 

It is hoped that the book will serve both college students from fresh- 
man to graduate level and professional men who are genuinely inter- 
ested in science. Moreover, it may serve as a basis for college courses 
of an unconventional type on the fundamental concepts of mathematics. 
Chapters III, IV, and V could be used for a course in geometry, while 
Chapters VI and VII together form a self-contained presentation of the 
calculus with emphasis on understanding rather than routine. They 
could be used as an introductory text by a teacher who is willing to 
make active contributions in supplementing the material according to 
specific needs and especially in providing further numerical examples. 
Numerous exercises scattered throughout the text and an additional 
collection at the end should facilitate the use of the book in the class 
room. 

It is even hoped that the scholar will find something of interest in 
details and in certain elementary discussions that contain the germ of a 
broader development. 


WHAT IS MATHEMATICS? 


Mathematics as an expression of the human mind refiects the active 
will, the contemplative reason, and the desire for aesthetic perfection. 
Its basic elements are logic and intuition, analysis and construction, 
generality and individuality. Though different traditions may emphasize 
different aspects, it is only the interplay of these antithetic forces and 
the struggle for their synthesis that constitute the life, usefulness, and 
supreme value of mathematical science. 

Without doubt, all mathematical development has its psychological 
roots in more or less practical requirements. But once started under the 
pressure of necessary applications, it inevitably gains momentum in it- 
self and transcends the confines of immediate utility. This trend from 
applied to theoretical science appears in ancient history as well as in 
many contributions to modern mathematics by engineers and physicists. 

Recorded mathematics begins in the Orient, where, about 2000 B.C., 
the Babylonians collected a great wealth of material that we would clas- 
sify today under elementary algebra. Yet as a science in the modern 
sense mathematics only emerges later, on Greek soil, in the fifth and 
fourth centuries B.C. The ever-increasing contact between the Orient 
and the Greeks, beginning at the time of the Persian empire and reaching 
a climax in the period following Alexander's expeditions, made the 
Greeks familiar with the achievements of Babylonian mathematics and 
astronomy. Mathematics was soon subjected to the philosophical dis- 
cussion that fiourished in the Greek city states. Thus Greek thinkers 
became conscious of the great difficulties inherent in the mathematical 
concepts of continuity, motion, and i infinity, and in the problem of mea- 
suring arbitrary quantities by given units. In an admirable effort the 
challenge was met, and the result, Eudoxus’ theory of the geometrical 
continuum, is an achievement that was only paralleled more than two 
thousand years later by the modern theory of irrational numbers. The 
deductive-postulational trend in mathematics originated at the time of 
Eudoxus and was crystallized in Euclid’s Elements. 

However, while the theoretical and postulational tendency of Greek 
mathematics remains one of its important characteristics and has ex- 
ercised an enormous influence, it cannot be emphasized too strongly 
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that application and connection with physical reality played just as im- 
portant a part in the mathematics of antiquity, and that a manner of 
presentation less rigid than Euclid’s was very often preferred. 

It may be that the early discovery of the difficulties connected with 
“incommensurable” quantities deterred the Greeks from developing the 
art of numerical reckoning achieved before in the Orient. Instead they 
forced their way through the thicket of pure axiomatic geometry. Thus 
one of the strange detours of the history of science began, and perhaps 
a great opportunity was missed. For almost two thousand years the 
weight of Greek geometrical tradition retarded the inevitable evolution 
of the number concept and of algebraic manipulation, which later 
formed the basis of modern science. 

After a period of slow preparation, the revolution in mathematics and 
science began its vigorous phase in the seventeenth century with ana- 
lytic geometry and the differential and integral calculus. While Greek 
geometry retained an important place, the Greek ideal of axiomatic crys- 
tallization and systematic deduction disappeared in the seventeenth and 
eighteenth centuries. Logically precise reasoning, starting from clear 
definitions and non-contradictory, “evident” axioms, seemed immaterial 
to the new pioneers of mathematical science. In a veritable orgy of in- 
tuitive guesswork, of cogent reasoning interwoven with nonsensical 
mysticism, with a blind confidence in the superhuman power of formal 
procedure, they conquered a mathematical world of immense riches. 
Gradually the ecstasy of progress gave way to a spirit of critical self- 
control. In the nineteenth century the immanent need for consolidation 
and the desire for more security in the extension of higher learning that 
was prompted by the French revolution, inevitably led back to a revision 
of the foundations of the new mathematics, in particular of the differ- 
ential and integral calculus and the underlying concept of limit. Thus 
the nineteenth century not only became a period of new advances, but 
was also characterized by a successful return to the classical ideal of 
precision and rigorous proof. In this respect it even surpassed the model 
of Greek science. Once more the pendulum swung toward the side of 
logical purity and abstraction. At present we still seem to be in this 
period, although it is to be hoped that the resulting unfortunate sepa- 
ration between pure mathematics and the vital applications, perhaps 
inevitable in times of critical revision, will be followed by an era of 
closer unity. The regained internal strength and, above all, the enormous 
simplification attained on the basis of clearer comprehension make it 
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possible today to master the mathematical theory without losing sight 
of applications. To establish once again an organic union between pure 
and applied science and a sound balance between abstract generality 
and colorful individuality may well be the paramount task of mathe- 
matics in the immediate future. 

This is not the place for a detailed philosophical or psychological 
analysis of mathematics. Only a few points should be stressed. There 
seems to be a great danger in the prevailing overemphasis on the 
deductive-postulational character of mathematics. True, the element of 
constructive invention, of directing and motivating intuition, is apt to 
elude a simple philosophical formulation, but it remains the core of any 
mathematical achievement, even in the most abstract fields. If the crys- 
tallized deductive form is the goal, intuition and construction are at least 
the driving forces. A serious threat to the very life of science is implied 
in the assertion that mathematics is nothing but a system of conclusions 
drawn from definitions and postulates that must be consistent but oth- 
erwise may be created by the free will of the mathematician. If this 
description were accurate, mathematics could not attract any intelligent 
person. It would be a game with definitions, rules, and syllogisms, with- 
out motive or goal. The notion that the intellect can create meaningful 
postulational systems at its whim is a deceptive halftruth. Only under 
the discipline of responsibility to the organic whole, only guided by 
intrinsic necessity, can the free mind achieve results of scientific value. 

While the contemplative trend of logical analysis does not represent 
all of mathematics, it has led to a more profound understanding of math- 
ematical facts and their interdependence, and to a clearer comprehen- 
sion of the essence of mathematical concepts. From it has evolved a 
modem point of view in mathematics that is typical of a universal sci- 
entific attitude. 

Whatever our philosophical standpoint may be, for all purposes of 
scientific observation an object exhausts itself in the totality of possible 
relations to the perceiving subject or instrument. Of course, mere per- 
ception does not constitute knowledge and insight; it must be coordi- 
nated and interpreted by reference to some underlying entity, a “thing 
in itself,” which is not an object of direct physical observation, but be- 
longs to metaphysics. Yet for scientific procedure it is important to dis- 
card elements of metaphysical character and to consider observable 
facts always as the ultimate source of notions and constructions. To 
renounce the goal of comprehending the “thing in itself,” of knowing 
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the “ultimate truth,” of unraveling the innermost essence of the world, 
may be a psychological hardship for naive enthusiasts, but in fact it was 
one of the most fruitful turns in modern thinking. 

Some of the greatest achievements in physics have come as a reward 
for courageous adherence to the principle of eliminating metaphysics. 
When Einstein tried to reduce the notion of “simultaneous events oc- 
curring at different places” to observable phenomena, when he un- 
masked as a metaphysical prejudice the belief that this concept must 
have a scientific meaning in itself, he had found the key to his theory of 
relativity. When Niels Bohr and his pupils analyzed the fact that any 
physical observation must be accompanied by an effect of the observing 
instrument on the observed object, it became clear that the sharp si- 
multaneous fixation of position and velocity of a particle is not possible 
in the sense of physics. The far-reaching consequences of this discovery, 
embodied in the modern theory of quantum mechanics, are now familiar 
to every physicist. In the nineteenth century the idea prevailed that me- 
chanical forces and motions of particles in space are things in them- 
selves, while electricity, light, and magnetism should be reduced to or 
“explained” as mechanical phenomena, just as had been done with heat. 
The “ether” was invented as a hypothetical medium capable of not en- 
tirely explained mechanical motions that appear to us as light or elec- 
tricity. Slowly it was realized that the ether is of necessity unobservable; 


that it belongs to metaphysics and not to physics. With sorrow in some 


quarters, with relief in others, the mechanical explanations of light and 
electricity, and with them the ether, were finally abandoned. 

A similar situation, even more accentuated, exists in mathematics. 
Throughout the ages mathematicians have considered their objects, 
such as numbers, points, etc., as substantial things in themselves. Since 
these entities had always defied attempts at an adequate description, it 
slowly dawned on the mathematicians of the nineteenth century that 
the question of the meaning of these objects as substantial things does 
not make sense within mathematics, if at all. The only relevant asser- 
tions concerning them do not refer to substantial reality; they state only 
the interrelations between mathematically “undefined objects” and the 
rules governing operations with them. What points, lines, numbers “ac- 
tually” are cannot and need not be discussed in mathematical science. 
What matters and what corresponds to “verifiable” fact is structure and 
relationship, that two points determine a line, that numbers combine 
according to certain rules to form other numbers, etc. A clear insight 
into the necessity of a dissubstantiation of elementary mathematical 
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concepts has been one of the most important and fruitful results of the 
modern postulational development. 

Fortunately, creative minds forget dogmatic philosophical beliefs 
whenever adherence to them would impede constructive achievement. 
For scholars and layman alike it is not philosophy but active experience 
in mathematics itself that alone can answer the question: What is math- 
ematics? 


CHAPTER I 


THE NATURAL NUMBERS 
INTRODUCTION 


Number is the basis of modern mathematics. But what is number? 
What does it mean to say that } + } = 1,4-4 = +4, and (—1) (—1) = 1? 
We learn in school the mechanics of handling fractions and negative 
numbers, but for a real understanding of the number system we must go 
back to simpler elements. While the Greeks chose the geometrical con- 
cepts of point and line as the basis of their mathematics, it has 
become the modern guiding principle that all mathematical statements 
should be reducible ultimately to statements about the natural numbers, 
1, 2, 3,--.. “God created the natural numbers; everything else is 
man’s handiwork.” In these words Leopold Kronecker (1823-1891) 
pointed out the safe ground on which the structure of mathematics can 
be built. 

Created by the human mind to count the objects in various assem- 
blages, numbers have no reference to the individual characteristics of 
the objects counted. The number six is an abstraction from all actual 
collections containing six things; it does not depend on any specific 
qualities of these things or on the symbols used. Only at a rather 
advanced stage of intellectual development does the abstract character 
of the idea of number become clear. To children, numbers always re- 
main connected with tangible objects such as fingers or beads, and primi- 
tive languages display a concrete number sense by providing different 
sets of number words for different types of objects. 

Fortunately, the mathematician as such need not be concerned with 
the philosophical nature of the transition from collections of concrete 
objects to the abstract number concept. We shall therefore accept the 
natural numbers as given, together with the two fundamental opera- 
tions, addition and multiplication, by which they may be combined. 


§1. CALCULATION WITH INTEGERS 
1. Laws of Arithmetic 


The mathematical theory of the natural numbers or positive integers 
is known as arithmetic. It is based on the fact that the addition and 
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multiplication of integers are governed by certain laws. In order to 
state these laws in full generality we cannot use symbols like 1, 2, 3 
which refer to specific integers. The statement 


1+2=2+4+1 


is only a particular instance of the general law that the sum of two 
integers is the same regardless of the order in which they are considered. 
Hence, when we wish to express the fact that a certain relation between 
integers is valid irrespective of the values of the particular integers 
involved, we shall denote integers symbolically by letters a, b, c, --- 
With this agreement we may state five fundamental laws of arithmetic 
with which the reader is familiar: 


lhatb=b+ta, 2) ab = ba, 
s)at(b+c)=atbd)+e, 4) a(bc) = (ab)c, 
5) a(b + c) = ab + ac. 


The first two of these, the commutative laws of addition and multipli- 
cation, state that one may interchange the order of the elements involved 
in addition or multiplication. The third, the associative law of addition, 
states that addition of three numbers gives the same result whether we 
add to the first the sum of the second and third, or to the third the sum 
of the first and second. The fourth is the associative law of multiplica- 
tion. The last, the distributive law, expresses the fact that to multiply 
asum by an integer we may multiply each term of thesum by this integer 
and then add the products. 

These laws of arithmetic are very simple, and may seem obvious. But 
they might not be applicable to entities other than integers. If a 
and b are symbols not for integers but for chemical substances, and 
if ‘‘addition’’ is used in a colloquial sense, it is evident that the commuta- 
tive law will not always hold. For example, if sulphuric acid is added to 
water, a dilute solution is obtained, while the addition of water to pure 
sulphuric acid may result in disaster to the experimenter. Similar illus- 
trations will show that in this type of chemical ‘‘arithmetic’’ the associa- 
tive and distributive laws of addition may also fail. Thus one can 
imagine types of arithmctic in which one or more of the laws 1)-5) 
do not hold. Suchsystems have actually bcen studied in modern mathe- 
matics. 

A concrete model for the abstract concept of integer will indicate the 
intuitive basis on which the laws 1)- 5) rest. Instead of using the usual 
number symbols 1, 2, 3, etc., let us denote the integer that gives the 


CALCULATION WITH INTEGERS 3 


number of objects in a given collection (say the collection of apples on a 
particular tree) by a set of dots placed in a rectangular box, one dot for 
each object. By operating with these boxes we may investigate the laws 
of the arithmetic of integers. To add two integers a and b, we place the 
corresponding boxes end to end and remove the partition. 


[eee ee jt [ooo] = (eee eee] 


Fig. 1. Addition, 


To multiply a and b, we arrange the dots in the two boxes in rows, and 
form a new box with a rows and b columns of dots. The rules 1)-5) 


Fig. 2, Multiplication. 


will now be seen to correspond to intuitively obvious properties of these 
operations with boxes. 


crad (erabi ceerea) E EH EEE 


Fig. 3. The Distributive Law. 


On the basis of the definition of addition of two integers we may define 
the relation of inequality. Each of the equivalent statements, a < b 
(read, ‘‘a is less than b’’) and b > a (read, ‘‘b is greater than a’’), means 
that box b may be obtained from box a by the addition of a properly 
chosen third box c, so that b = a + c. When this is so we write 


rn = h æn 
kag haa Wy 


which defines the operation of subtraction. 


~[eees}= 
Fig. 4. Subtraction. 
Addition and subtraction are said to be inverse operations, since if 


the addition of the integer d to the integer a is followed by the subtraction 
of the integer d, the result is the original integer a: 


(a+d)--d=a. 
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It should be noted that the integer b — a has been defined only when 
b > a. The interpretation of the symbol b — a as a negative integer 
when b < a will be discussed later (p. 54 et seq.). 

It is often convenient to use one of the notations, b > a (read, ‘‘b is 
greater than or equal to a’’) ora < b (read, ‘‘a is less than or equal to 
b’’), to express the denial of the statement, a > b. Thus, 2 > 2, anl 
3 > 2. 

We may slightly extend the domain of positive integers, representcd 
by boxes of dots, by introducing the integer zero, represented by a 
completely empty box. If we denote the empty box by the usual symbol 
0, then, according to our definition of addition and multiplication, 

a+0O= a, 
a-Q = 0, 
for every integer a. For a + 0 denotes the addition of an empty box 


to the box a, while 2-0 denotes a box with no columns; i.e. an empty 
box. It is then natural to extend the definition of subtraction by setting 


a—a=0 


for every integer a. These are the characteristic arithmetical properties 
of zero. 

Geometrical models like these boxes of dots, such as the ancient 
abacus, were widely used for numcrical calculations until late in the 
middle ages, when they were slowly displaced by greatly superior 
symbolic methods based on the decimal system. 


2. The Representation of Integers 


We must carefully distinguish between an integer and the symbol, 
5, V, ++- , etc., used to represent it. In the decimal system the ten 
digit symbols, 0, 1, 2, 3, --- , 9, are used for zero and the first nine posi- 
tive integers. A larger integer, such as ‘‘three hundred and seventy- 
two,” can be expressed in the form 


300 + 70 + 2 = 3.10 + 7.10 + 2, 


and is denoted in the decimal system by the symbol 372. Here the 
important point is that the meaning of the digit symbols 3, 7, 2 depends 
on their position in the units, tens, or hundreds place. With this 
‘positional notation’’ we can represent any integer by using only the 
ten digit symbolsin various combinations. The general rule is to express 
an integer in the form illustrated by 


z=a-10°+b-10°'+c-.10+d, 
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where the digits a, b, c, d are integers from zero to nine. The integer z 
is then represented by the abbreviated symbol 
abed. 


We note in passing that the coefficients d, c, b, a are the remainders left 
after successive divisions of z by 10. Thus 


10)372 Remainder 


10)37 2 
10)3 7 
0 3 


The particular expression given above for z can only represent integers 
less than ten thousand, since larger integers will require five or more digit 
symbols. If zis an integer between ten thousand and one hundred 
thousand, we can express it in the form 


z@m=a-.10°+b-.10°+c-10°+4-10+¢e, 


and represent it by the symbol abcde, A similar statement holds for 
integers between one hundred thousand and one million, etc. It is very 


aaa fil tn havn a gray nf indianting tha paol nawtant mannna liter har a 
useiul tO nave a way Vi iInagicating cue resuit in poerscuu generaiity wy a 


single formula. We may do this if we denote the different coefficients, 
e, d, c, --+ , by the single letter a with different ‘‘subscripts,’’ ao, ai, 
t: , @;, ++» , and indicate the fact that the powers of ten may be as large 
as necessary by denoting the highest power, not by 10° or 10° as in the 
examples above, but by 10”, where n is understood to stand for an arbi- 
trary integer. Then the general method for representing an integer z 
in the decimal system is to express z in the form 


(1) z=a,- 10” + ana 10° +... +a. 10+, 
and to represent it by the symbol 
OnGn-14n—-2 -° Mh. 


As in the special case above, we see that the digits ao, a1, dz, -++ , Qn 
are simply the successive remainders when z is divided repeatedly by 10. 

In the decimal system the number ten is singled out to serve as a base. 
The layman may not realize that the selection of ten is not essential, 
and that any integer greater than one would serve the same purpose. 
For example, a seplimal system (base 7) could be used. In such a sys- 
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tem, an integer would be expressed as 


(2) ba e 7” brae T p eee He 7 + be, 
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where the b’s arc digits from zero to six, and denoted by the symbol 
babai ee bibo . 


Thus ‘‘one hundred and nine” would be denoted in the septimal system 
by the symbol 214, meaning 
2.741.744. 

As an exercise the reader may prove that the general rule for passing 
from the base ten to any other base B is to perform successive divisions 
of the number z by B; the remainders will be the digits of the number in 
the system with base B. For example: 

7)109 Remainder 


7)15 4 
72 1 
0 2 


109 (decimal system) = 214 (geptimal system). 
It is natural to ask whether any particular choice of base would be most 


desirable. We shall see that too small a base has disadvantages, while 
a large base requires the learning of many digit symbols, and an extended 
multiplication table. The choice of twelve as base has been advocated, 
since twelve is exactly divisible by two, three, four, and six, and, as a 
result, work involving division and fractions would oftcn be simplified. 
To write any integer in terms of the basc twelve (duodecimal system), 
we require two new digit symbols for ten and eleven. Let us write a 


fru tan and A for oleyvan Than in tha dundaaimal cyetam “turalya’? 
ara UWAL Cesare | oad a VUE AVAL ¥ Uile Wt AAWSAL a,b WAAL, VALLES BA ee Ls At iw wee UTT ULY Ww 


would be written 10, “twenty-two” would be la, “twenty-three” would 
be 18, and ‘‘one hundred thirty-one” would be ag. 

The invention of positiong] notation, attributed to the Sumerians or 
Babylonians and developed by the Hindus, was of enormous significance 
for civilization. Early systems of numeration were based on a purely 
additive principle. In the Roman symbolism, for example, one wrote 

CXVIII = one hundred + ten + five + onc + one + one. 
The Egyptian, Hebrew, and Greck systems of numeration were on the 
same level. One disadvantage of any purely additive notation is that 
more and more new symbols are needed as numbers get larger. (Of 
course, early scientists were not troubled by our modern astronomical 
or atomic magnitudes.) But the chief fault of ancient systems, such as 
the Roman, was that computation with numbers was so difficult that 
only the specialist could handle any but the simplest problems. It is 
quite different with the Hindu positional system now in use. This was 
introduced into medieval Europe by the merchants of Italy, who learned 
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it from the Moslems. The positional system has the agreeable property 
that all numbers, however large or small, can be represented by the use 
of a small set of different digit symbols (in the decimal system, these are 
the “Arabic numerals” 0, 1, 2, --- ,9). Along with this goes the more 
important advantage of ease of computation. The rules of reckoning 
with numbers represented in positional notation can be stated in the 
form of addition and multiplication tables for the digits that can be memo- 
rized once and forall. The ancient art of computation, once confined to a 
few adepts, is now taught in elementary school. There are not many 
instances where scientific progress has so deeply affected and facilitated 
everyday life. 


3. Computation in Systems Other than the Decimal 


The use of ten as a base goes back to the dawn of civilization, and is 
undoubtedly due to the fact that we have ten fingers on which to count, 
But the number words of many languages show remnants of thc use of 
other bases, notably twelve and twenty. In English and German the 
words for 11 and 12 are not constructed on the decimal principle of com- 
bining 10 with the digits, as are the ‘‘teens,’’ but are linguistically inde- 
pendent of the words for 10. In French the words ‘‘vingt”’ and ‘‘quatre- 
vingt” for 20 and 80 suggest that for some purposes a system with base 
20 might have been used. In Danish the word for 70, ‘‘halvfirsinds- 
tyve,” means half-way (from three times) to four times twenty. The 
Babylonian astronomers had a system of notation that was partly 
sexagesimal (base 60), and this is believed to account for the customary 
division of the hour and the angular degree into 60 minutes. 

In asystem other than the decimal the rules of arithmetic are the same, 
but one must use different tables for the addition and multiplication of 
digits. Accustomed to the decimal system and tied to it by the number 
words of our language, we might at first find this a little confusing. Let 
us try an example of multiplication in the septimal system. Before 
proceeding, it is advisable to write down the tables we shall have to usc: 


Addition Multiplication 
_| 1 2 3 4 5 6 1 2 3 4 5 € 
1| 2 3 4 Š 6 10 1/1 2 3 4 5 6 
2| 3 4 5 6 10 Il 2|2 4 6 11 13 15 
3| 4 5 6 10 11 12 3/3 6 12 15 21 24 
4! 5 6 10 11 12 13 4/4 11 15 22 26 33 
5| 6 10 11 12 13 14 5|5 13 21 26 34 42 
6/10 11 12 13 14 15 6|6 15 24 33 42 51 
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Let us now multiply 265 by 24, where these number symbols are 
written in the septimal system. (In the decimal system this would be 
equivalent to multiplying 145 by 18.) The rules of multiplication are 
the same as in the decimal system. We begin by multiplying 5 by 4, 
which is 26, as the multiplication table shows. 


265 
24 


1456 
563 


10416 

We write down 6 in the units place, “carrying” the 2 to the next 
place. Then we find 4.6 = 33, and 33 + 2 = 35. We write down 5, 
and proceed in this way until everything has been multiplied out. Add- 
ing 1,456 + 5,630, we get 6 + 0 = 6 in the units place, 5 + 3 = 11 in 
the sevens place. Again we write down 1 and keep 1 for the forty- 
nines place, where we have 1 + 6 + 4 = 14. The final result is 
265-24 = 10,416. 

To check this result we may multiply the same numbers in the decimal 
system. 10,416 (septimal system) may be written in the decimal 
system by finding the powers of 7 up to the fourth: 77 = 49, 7° = 343, 
7* = 2401. Hence 10,416 = 2,401 + 4.49 + 7 + 6, this evaluation 
being in the decimal system. Adding these numbers we find that 10,416 
in the septimal system is equal to 2,610 in the decimal system. Now 
we multiply 145 by 18 in the decimal system; the result is 2,610, so 
the calculations check. 


Exercises: 1) Set up the addition and multiplication tables in the duodecimal 
system and work some examples of the same sort. 

2) Express ‘‘thirty” and ‘‘one hundred and thirty-three” in the systems with 
the bases 5, 7, 11, 12. 

3) What do the symbols 11111 and 21212 mean in these systema? 

4) Form the addition and multiplication tables for the bases 5, 11, 13. 


From a theoretical point of view, the positional system with the 
base 2 is singled out as the one with the smallest possible base. The 
only digits in this dyadic system are 0 and 1; every other number z 
is represented by a row of these symbols. The addition and multiplica- 
tion tables consist merely of the rules 1 + 1 = 10 and 1.1 = 1. But 
the disadvantage of this system is obvious: long expressions are needed 
to represent smal] numbers. ‘Thus seventy-nine, which may be ex- 
pressed as 1-2° + 9-28 + 0-2* + 1-27 + 1-27 41-2 + 1, is written 
in the dyadic system as 1,001,111. 
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As an illustration of the simplicity of multiplication in the dyadic 
system, we shall multiply seven and five, which are respectively 111 
and 101. Remembering that 1 + 1 = 10 in this system, we have 


111 

101 

111 
111 


100011 = 24+2+441, 


which is thirty-five, as it should be. 

Gottfried Wilhelm Leibniz (1646-1716), one of the greatest intellects 
of his time, was fond of the dyadic system. To quote Laplace: “Leib- 
niz saw in his binary arithmetic the image of creation. He imagined 
that Unity represented God, and zero the void; that the Supreme Being 
drew all beings from the void, just as unity and zero express all numbers 
in his system of numeration.” 


Ezercise: Consider the question of representing integers with the base a. 
In order to name the integers in this system we need words for the digits 
0,1, ++: ,a@ — 1 and for the various powers of a:a, a?, a’, -++ . How many different 
number words are needed to name all numbers froin zero to one thousand, for 
a = 2, 3, 4, 5, -+ , 15? Which base requires the fewest? (Examples: If 
a = 10, we need ten words for the digits, plus words for 10, 100, and 1000, making 
a total of 13. For a = 20, we need twenty words for the digits, plus words for 
20 and 400, making a total of 22. If a = 100, we need 100 plus 1.) 


*§2, THE INFINITUDE OF THE NUMBER SYSTEM. 
MATHEMATICAL INDUCTION 


1. The Principle of Mathematical Induction 


There is no end to the sequence of integers 1, 2, 3, 4, --- ; for after 
any integer n has been reached we may write the next integer, n + 1. 
We express this property of the sequence of integers by saying that 
there are infintiely many integers. 'The sequencc of integers represents 
the simplest and most natural example of the mathematical infinite, 
which plays a dominant rôle in modern mathematics. Everywhere in 
this book we shall have to deal with collections or “sets” containing 
infinitely many mathematical objects, like the set of all points on a line 
or the sect of all triangles in a plane. The infinite sequence of integers 
is the simplest example of an infinite set. 

The step by step procedurc of passing from n to n + 1 which gencrates 
the infinite sequence of integers also forms the basis of one of the most 
fundamental patterns of mathematical reasoning, the principle of 
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mathematical induction. “‘Empirical induction” in the natural sciences 
proceeds from a particular series of observations of a certain phenomenon 
to the statement of a general law governing all occurrences of this 
phenomenon, The degree of certainty with which the law is thereby 
established depends on the number of single observations and confirma- 
tions. This sort of inductive reasoning is often entirely convincing; 
the prediction that the sun will rise tomorrow in thc east is as certain 
as anything can be, but the character of this statement is not the same 
as that of a theorem proved by strict logical or mathematical reasoning. 
In quite a different way mathematical induction is used to establish 
the truth of a mathematical theorem for an infinite sequence of cases, 
the first, the second, the third, and so on without cxception. Let us 
denote by A a statement that involves an arbitrary integer n. For 
example, A may be the statement, “The sum of the angles in a convex 
polygon of n + 2 sides is n times 180 degrees.” Or A’ may be the as- 
sertion, ‘By drawing n lines in a plane we cannot divide the plane into 
more than 2” parts.” To prove such a theorem for every integer n it 
does not suffice to prove it separatcly for the first 10 or 100 or even 1000 
values of n. This indeed would correspond to the attitude of empirical 
induction. Instead, we must use a method of strictly mathematical 
and non-empirical reasoning whose character will be indicated by the 
following proofs for the special examples A and A’. In the casc A, we 
know that for n = 1 the polygon is a triangle, and from elementary 
geometry the sum of the angles is known to be 1:180°. For a quadri- 
lateral, n = 2, we draw a diagonal which divides the quadrilateral into 
two triangles. This shows immediately that the sum of the angles of 
the quadrilateral is equal to the sum of the angles in the two triangles, 
which yields 180° + 180° = 2-180°. Proceeding to the case of a pen- 
tagon with 5 edges, n = 3, we decompose it into a triangle plus a quad- 
rilateral. Since the latter has the angle sum 2:180°, as we have just 
proved, and since the triangle has the angle sum 180°, we obtain 3-180 
degrees for the 5-gon. Now it is clear that we can proceed indefinitely 
in the same way, proving the theorem for n = 4, then for n = 5, and 
so on. Each statement follows in thc same way from the preceding 
one, so that the general theorem A can be established for all n. 
Similarly we can prove the theorem A’. For n = 1 it is obviously 
true, since a single line divides the plane into 2 parts. Now add a 
second line. Each of the previous parts will be divided into two new 
parts, unless the new line is parallel to the first. In either case, for 
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n = 2 we have not more than 4 = 2’ parts. Now we add a third line. 
Each of the previous domains will either be cut into two parts or be 
left untouched. Thus the sum of parts is not greater than 2’.2 = 2, 
Knowing this to be true, we can prove the next case in the same way, 
and so on indefinitely, 

The essential idea in the preceding arguments is to establish a 
general theorem A for all values of n by successively proving a sequence 
of special cases, A,, A2,---. The possibility of doing this depends 
on two things: a) There is a general method for showing that ¿if any 
statement A, is true then the next statement, A,4:, will also be true. 
b) The first statement A; is known to be true. That these two condi- 
tions are sufficient to establish the truth of all the statements 
A,, Az, As, -+- is a logical principle which is as fundamental to mathe- 
matics as are the classical rules of Aristotelian logic. We formulate it 
as follows: 

Let us suppose that we wish to establish a whole infinite sequence of 
mathematical propositions 


Ai, Ao, As, = 


which together constitute the general proposition A. Suppose that a) 
by some mathematical argument it is shown that if r is any integer and if 
the assertion A, is known to be true then the truth of the assertion A,4; will 
follow, and that b) the first proposition A, ts known to be true. Then all 
the propositions of the sequence must be true, and A ts proved. 

We shall not hesitate to accept this, just as we accept the simple 
rules of ordinary logic, as a basic principle of mathematical reasoning. 
For we can establish the truth of every statement An», starting from the 
given assertion b) that A, is true, and proceeding by repcatcd use of 
the assertion a) to establish successively the truth of Az, A;, A,, and 
so on until we reach the statement A,. The principle of mathcmatical 
induction thus rests on the fact that after any integer r there is a next, 
r+ 1, and that any desired integer n may be reached by a finite number 
of such steps, starting from thc integer 1. 

Often the principle of mathematical induction is applied without 
explicit mention, or is simply indicated by a casual “cte.” or “and so 
on.” This is especially frequent in clementary instruction. But the 
explicit use of an inductive argument is indispensable in more subtle 
proofs. We shall give a few illustrations of a simple but not quite 
trivial character. 
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2. The Arithmetical Progression 


For every value of n, the sum 1 42 43+ --- + nofthe first n integers 
n(n + 1) . . 
is equal to 3 In order to prove this theorem by mathematical 


induction we must show that for every n the assertion An: 


_ nant 1) 


(1) 1+-+2+3+4.--- + 5 


is true. a) We observe that if ris an integer and if the statement A, is 
known to be true, i.e. if it is known that 


14+24+34. er a HD) 


then by adding the number (r + 1) to both sides of this equation we 
obtain the equation 


r(r + 1) + 1) 


1+2434---4¢7r4¢(r+1) = +(r +1) 


_—rrt+1+2r4+))_ (+0742), 
2 2 


which is precisely the statement Amı. b) The statement A: is ob- 
viously true, since 1 = La Hence, by the principle of mathematical 
induction, the statement A, is true for every n, as was to be proved. 

Ordinarily this is shown by writing the sum 1 + 2+4+3-+--- +n 
in two forms: 


Sx=14+2+.--4m-D+n 


and 


S,s=n+(n—-—1)+---+24+1 


On adding, we see that cach pair of numbers in the saine colunin yields 


the sum n + 1, and, since there are n columns in all, it follows that 
Əl _ pfa I 1) 
Gn = Wh T 1), 


which proves the desired result. 
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From (1) we may immediately derive the formula for the sum of the 


first, (n + 1) terms of anv arithmetical progression, 


(2) Py=a+(atd)+(a+2d) +--+ (atna) = CEDC, 
For 

= (n+ a+ (1+24+.---+n)d= (n+ la+ —- = 

_ 2n+ Det nin t 1d _ (n+ Dem 


n(n t 1)d 


For the case a = 0, d = 1, this is equivalent to (1). 


3. The Geometrical Progression 


One may treat the general geometrical progression in a similar way. 
We shall prove that for every value of n 
1— 
(3) Ga =a + ag + ag + +. + aq” = a r7. 
(We suppose that q = 1, since otherwise the right side of (3) has ne 
meaning.) 
Certainly this assertion is true for n = 1, for then it states that 


-A-Ll _ 
q 





And if we assume that 
r 1 — 
Gr=a + ag +. ag =a! , 
then we find as a consequence that 


Gri = (a+ ag +- + ag) + ag = G, + ag” =a A + ag” 








-a (1 -g +g _ q) _ a! _ q” +g” _ qt _ al — q” 
l—q l—q l—q 
But tbis is precisely the assertion (3) for the case n = r + 1. This 
completes the proof. 
In elementary textbooks the usual proof proceeds as follows. Set 


Ga =a +ag +- + ag", 
and multiply both sides of this equation by q, obtaining 


Ga = ag + agf + +». + ag” 
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Now subtract corresponding sides of this equation from the preceding 
equation, obtaining 


Gn, — G. = an a", 
(1 - q)Ga =a(l — T), 
1—q"* 


Ga = a; —t 





4. The Sum of the First n Squares 


A further interesting application of the principle of mathematical 
induction refers to the sum of the first n squares. By direct trial one 


finds that, at least for small values of n, 


(4) PEPE pe pata MAF NO FY 


and one might guess that this remarkable formula is valid for all integers 
n. To prove this, we shall again use the principle of mathematical 
induction. We begin by observing that if the assertion A,, which in 
this case is the equation (4), is true for the case n = r, so that 


P4434... ge aed ert) 


then on adding (r + 1)’ to both sides of this equation we obtain 


PEZES pte pe EEPE Sy yy 


r+ V2r+1) +641)" _ (rt Dir(2r +1) +60 +1) 
6 6 
E+ D2 + Tr +8) _ (r+ Wr + 2)(27 + 3) 
6 6 


which is precisely the assertion A,+, in this case, since it is obtained by 
substituting r + 1 for n in (4). To complete the proof we need only 
remark that the assertion A, , in this case the equation 


p 10+ D241) 
6 ; 


is obviously true. Hence the equation (4) is true for every n. 
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Formulas of a similar sort may be found for higher powers of the 
integers, 1* + 2° + 3 + ... + n‘, where k is any positive integer 
As an exercise, the reader may prove by mathematical induction that 


(5) pP p.. ant a [Paty 
L 2 J 

It should be remarked that although the principle of mathematical 
induction suffices to prove the formula (5) once this formula hag been 
written down, the proof gives no indication of how this formula was 
arrived at in the first place; why precisely the expression [n(n + 1)/2)’ 
should be guessed as an expression for the sum of the first n cubes, 
rather than [n(n + 1)/3F or (19n? — 41n + 24)/2 or any of the in- 
finitely many expressions of a similar type that could have been con- 
sidered. The fact that the proof of a theorem consists in the applica- 
tion of certain simple rules of logic does not dispose of the creative 


+ [a . . 7. =- - . - . 
alamant in mathamatiag whinh las in tha shaingn nf tha nacathiltias ta 
GCICILCIiU A eGuide CS, Willa, UCO 441 Wi COCO Ul Wd POSSIUIMUCS UD 


be examined. The question of the origin of the Aypothesis (5) 
belongs to a domain in which no very general rules can be given; experi- 
ment, analogy, and constructive intuition play their part here. But 
once the correct hypothesis is formulated, the principle of mathematical 
induction is often sufficient to provide the proof. Inasmuch as such a 
proof does not give a clue to the act of discovery, it might more fittingly 
be called a vertfication. 


*5. An Important Inequality 
In a subsequent chapter we shall find use for the inequality 
(6) (1+ p)" > 1+ np, 


which holds for every number p > —1 and positive integer n. (For 
the sake of generality we are anticipating here the use of negative and 
non-integral numbers by allowing p to be any number greater than —1. 
The proof for the general case is exactly the same as in the case where 
p is a positive integer.) Again we use mathematical induction. 

a) If itis true that (1 + pY > 1 + rp, then on multiplying both sides 
of this inequality by the positive number 1 + p, we obtain 


(I+ p/" >1l+rp+pt rp’. 
Dropping the positive term rp’ only strengthens this inequality, so that 
Q +p” >1+ (r+ Vp, 
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which shows that the inequality (6) wìll also hold for the next integer, 
r+ 1. b) Itis obviously true that (1 + p)' > 1 + p. This completes 
the proof that (6) is true forevery n. The restriction to numbers p > —1 
is essential. If p < —1, then 1 + p is negative and the argument in 
a) breaks down, since if both members of an inequality are multiplied 
by a negative quantity, the sense of the inequality is reversed. (For 
example, if we multiply both sides of the inequality 3 > 2 by —1 we 
obtain —3 > —2, which is false.) 


*§. The Binomial Theorem 


Frequently it is important to have an explicit expression for the 
nth power of a binomial, (a + b). We find by explicit calculation that 
for n = 1, (a + b)! = a +b, 
for n = 2, (a + b)? = (a + b)(a + b) = ala + b) + bla + b) 

= a’ + 2ab + b, 
3, (a + bY = (a + b)(a + b = ala? + 2ab + b) 

+ bla + 2ab + b°) = a® + 3a7b + 3ab? + b, 
and soon. What general law of formation lies behind the words “and 
so on”? Let us examine the process by which (a + b)? was computed. 
Since (a + b)? = (a + b)(a + b), we obtained the expression for (a + b)? 
by multiplying each term in the expression a + b by a, then by b, and 
adding. The same procedure was used to calculate (a + b? = 
(a + b)(a + bf. We may continue in the same way to calculate 
(a + b)‘, (a + b)*, and so on indefinitely. The expression for (a + b)” 
will be obtained by multiplying each term of the previously obtained 
expression for (a + b)”” by a, then by b, and adding. This leads to 
the following diagram: 


I 


for n 


a+b = a + b 
Y Nb Y No 

2 2 ` ` 2 

(a + b) = P + Bab + ? 
a b a No a b 

3_— na X 4 È A 3 

(a+b) = J'N + Bad + pa + P 
a b a Na a b a No 

r OY NS ort 

(a+b) = a + dab + 6ab + 4b + bl 


which gives at once the general rule for forming the coefficients in the ex- 
pansion of (a + 6)”. We construct a triangular array of numbers, 
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starting with the coefficients 1, 1 of a + b, and such that each number of 
the triangle is the sum of the two numbers on each side of it in the 
preceding row. This array is known as Pascal's Triangle. 


1 1 
1 2 1 
1 3 3 1 
1 4 6 4 l 
1 5 10 10 5 1 


ba, a E E E E E E E E E E E a a a a a a o a a a a a a a 


The nth row of this array gives the coefficients in the expansion of (a + b)® 
tn descending powers of a and ascending powers of b; thus 
(a + by = a’ + 7a + 21ab + 35a°d* + 35a°b‘ + 21a°b* + Tab’ + v. 
Using a concise subscript and superscript notation we may denote the 
numbers in the nth row of Pascal's Triangle by 
Cy = 1, Ci, Cy, Cy, ---, Chu, Ca = 1. 
Then the general formula for’ (a + b)” may be written 
(7) (a + b)" = a" + ab + Chat? +... + Cinab™ + db”. 
According to the law of formation of Pascal’s Triangle, we have 
(8) CF = Ch + CP". 
As an exercise, the experienced reader may use this relation, together 
with the fact that Ci} = Ci = 1, to show by mathematical induction that 
n _ n(n—1l)(n~-2).--(n-t4+1) _ n! 
DO GS —— Tas T a 
(For any positive integer n, the symbol n! (read, “n factorial”) de- 
notes the product of the first n integers: n! = 1-2.3... n. Itis con- 
venient also to define 0! = 1, so that 9) is valid for è = 0 and i = n.) 
This explicit formula for the coefficients in the binomial expansion is 
sometimes called the binomial theorem. (See also p. 475.) 


Ezercises: Prove by mathematical induction: 











1 n 

Digtsst Gag) Atl 
n+2 

2) statat. = ° 
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8) L$ 2g Hago nga m EES 
. —q 


4 gut 


*4) (1 +q)(1 + g)(1 + 94 --+ (1+ 9) “Tay 


Find the sum of the following geometrical progressions: 
1 1 1 
ipata Tape 


D 1+ cS gpI 
1+e (1 + 2) (1 + ats" 


xt — y? r — ypy zt -ypy 
p Brua (Ee + a (EY. 
Using formulas (4) and (5) prove: 


*8) M43- + (n + e PEDO EDO tS 


*9) 18 + 3+ -+ + (2n +1) = (n + 1)(27? + 4n +1). 


10) Prove the same results directly by mathematical induction. 


5) 





*7. Further Remarks on Mathematical Induction 


The principle of mathematical induction may be generalized slightly to read: 
“If a sequence of statements A, , Asi: , Aeya, °° 18 given, where s is some positive 
integer, and if 

a) For every value of r > s, the truth of A, , will follow from the truth of Ar, 
and 

b) A, is known to be true, 
then all the statements A,, Ası, Aas °°. are true; that is to say, A, is true 
for ail n > s.” Precisely the same reasoning used to establish the truth of the 
ordinary principle of mathematical induction applies here, with the sequence 
1, 2, 3, +-+- replaced by the similar sequence s, s + 1,8 -++2,8+3---. By using 
the principle in this form we can strengthen somewhat the inequality on page 15 
by eliminating the possibility of the “=" sign. We state: For every p * 0 and 
> —land every integer n > 2, 


(10) (1 -A nnas 1 bk mn 
se T Ps . 4 . 


yous - repr 


The proof will be left to the reader, 

Closely related to the principle of mathematical induction is the ‘principle 
of the smallest integer” which states that every non-empty set Cof positive tntegera 
has a smallest member. A set is empty if it has no members, e.g., the set of 
straight circles or the set of integers n such that n > n. For obvious reasons 
we exclude such sets in the statement of the principle. The set C may be finite, 
like the set 1,2, 3, 4, 5, orinfinite, like the set of all even numbers 2, 4, 6, 8, 
10, =. Any non-empty set C must contain at least one integer, say n, and 
the smallest of the integers 1, 2, 3, --- , n that belongs to C will be the smallest 
integer in C. 

The only way to realize the signifcancc of this principle is to observe that it 
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does not apply to every set C of numbers that are not integers; for example, 
the set of positive fractions 1, $, 3, 3, ++- does not contain a smallest member. 

From the point of view of logic it is interesting to observe that the princi- 
ple of the smallest integer may be used to prove the principle of mathematical in- 
duction as a theorem. To this end, let us consider any sequence of statements 
Ai, As, As, ++- such that 

a) For any positive integer r the truth of Ar,ı will follow from that of A,r. 

b) Ai is known to be true. 

We shail show the hypothesis that any one of the A’s is false to be untenable. 
For if even one of the A’s were false, the set C of all positive integers n for which 
A, is false would be non-empty. By the principle of the smallest integer, C 
would contain a smallest integer, p, which must be > 1 beeause of b). Hence Ay 
would be false, but Ay; true, This contradicts a).. 

Once more we emphasize that the principle of mathematical induction 
is quite distinct from empirical induction in the natural sciences. 
The confirmation of a general law in any finite number of cases, no matter 
how large, cannot provide a proof for the law in the rigorous mathemat- 
ical sense of the word, even if no exception is known at the time. Such 
a law would remain only a very reasonable hypothesis, subject to modi- 
fication by the results of future experience. In mathematics, a law or a 
theorem is proved only if it can be shown to be a necessary logical 
consequence of certain assumptions which are accepted as valid. There 
are many examples of mathematical statements which have been veri- 
fied in every particular case considered thus far, but which have not 
yet been proved to hold in general (for an example see p. 30). One 
may suspect that a theorem is true in all generality by observing its 
truth in a number of examples; one may then attempt to prove it by 
mathematical induction. If the attempt succeeds the theorem is 
proved to be true; if the attempt fails, the theorem may be true or false 
and may some day be proved or disproved by other methods. 


In using the principle of mathematical induction one must always be sure that 
the conditions a) and b) are really satisfied. Neglect of this precaution may 
lead to absurdities like the following, in which the reader is invited to discover 
the fallacy. Wesnall “prove” that any lwo positive integers are equal; for example, 
that 5 = 10. 

First a definition: If a and b are two unequal positive integers, we define 
max (a, 6) to be a or b, whichever is greater; if a = b we set max (a,b) = a = b, 
Thus max (3, 5) = max (5, 3) = 5, while max (4,4) = 4. Now let A, be the state- 
ment, ‘‘If a and b are any twv positive integers such that max (a, 6) = n, then 
a = b" 
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a) Suppose A, to be true. Let a and b be any two positive integers such that 
max (a, b) =r +1. Consider the two integers 


a=a—i 
B=b-l; 


then max (a, 8) = r. Hence a = §, for we are assuming A, to be true. It follows 
that a = b; hence A,,) is true. 

b) Ais obviously true, for if max (a, b) = 1, then since a and b are by hypothe- 
sis positive integers they must both be equal to 1. Therefore, by mathematical 
induction, A, is true for every n. 

Now if a and b are any two positive integers whatsoever, denote max (a, b) byr. 
Since A, has been shown to be true for every n, in particular A, is true. Hence 
a=b, 


SUPPLEMENT TO CHAPTER I 


THE THEORY OF NUMBERS 
INTRODUCTION 


The integers have gradually lost their association with superstition 
and mysticism, but their interest for mathematicians has never waned. 
Euclid (circa 300 B.C.), whose fame rests on the portion of his Elements 
that forms the foundation of geometry studied in high school, seems to 
have made original contributions to number theory, while his geometry 
was largely a compilation of previous results. Diophantus of Alex- 
andria (circa 275 A.D.), an early algebraist, left his mark on the theory 
of numbers. Pierre de Fermat (1601-1665), a jurist of Toulouse, and 
one of the greatest mathematicians of his time, initiated the modern 
work in this field. Euler (1707-1783), the most prolific of mathemati- 
cians, included much number-theoretical work in his researches. Names 
prominent in the annals of mathematics—-Legendre, Dirichlet, Riemann 
—can be added to the list. Gauss (1777-1855), the foremost mathe- 
matieian of modern times, who devoted himself to many different 
branches of mathematics, is said to have expressed his opinion of num- 
ber theory in the remark, “Mathematics is the queen of the sciences 
and the theory of numbers is the queen of mathematics.” 


$I THE PRIME NUMBERS 
1. Fundamental Facts 


Most statements in number theory, as in mathematics as a whole, 
are concerned not with a single object — the number -5 or the number 
32—but with a whole class of objects that have some common prop- 
erty, such as the class of all even integers, 

2, 4, 6, 8, very 
or the class of all integers divisible by 3, 

3, 6,9,12,---, 
or the class of all squares of integers, 

1, 4, 9, 16, ++, 
and so on. 
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Of fundamental importance in number theory is the class of all 
primes. Most integers can be resolved into smaller factors: 10 = 2-5, 
111 = 3-37, 144 = 3.3.2.2-2.2, ete. Numbers that cannot be so 
resolved are known as prime numbers or primes. More precisely, a 
prime is an integer p, greater than one, which has no factors other than 


itself and one (An integer a ig said to ho a factor or divisor of an integer b 
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if there is some integer c such that b = ac.) The numbers 2, 3, 5, T, 
11, 13, 17, - - - are primes, while 12, for example, is not, since 12 = 3 4, 
The importance of the class of primes is due to the fact that every 
integer can be expressed as a product of primes: if a number is not itself 
a prime, it may be successively factored until all the factors are primes; 
thus 360 = 3.120 = 3-30-4 = 3-3-10-2-2 = 3-3-5.2.2.2 = 2.3.5. 
An integer (other than 0 or 1) which is not a prime is said to be 
composite. 

One of the first questions that arises concerning the class of primes is 
whether there is only a finite number of different primes or whether 
the class of primes contains infinitely many members, like the class of 
all integers, of which it forms a part. The answer is: There are in- 
finitely many primes. 

The proof of the infinitude of the class of primes as given by Euclid 
remains a model of mathematical reasoning. It proceeds by the 
“indirect method”. We start with the tentative assumption that the 
theorem is false. This means that there would be only a finite number 
of primes, perhaps very many—a billion or so—or, expressed in a general 
and non-committal way, n. Using the subscript notation we may de- 
note these primes by Pı, Pz, +*+, Pn. Any other number will be 
composite, and must be divisible by at least one of the primes 
Pi, P2,°:*;, Pa. We now produce a contradiction by constructing a 
number A which differs from every one of the primes pı, p2,°-*, Pa 
because it is larger than any of them, and which nevertheless is not 


divisible by anv nf them, Thie umbar: ig 


A = Pips one Pa + 1, 


i.e. 1 plus the product of what we supposed to be all the primes. A is 
larger than any of the p’s and hence must be composite. But A divided 
by pı or by p , etc., always leaves the remainder 1; therefore A has none 
of the p’s as a divisor. Since our initial assumption that there is only 
a finite number of primes leads to this contradiction, the assumption is 
seen to be absurd, and hence its contrary must be true. This proves 
the theorem. 
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Although this proof is indirect, it can easily be modified to give a method for 
constructing, at least in theory, an infinite sequence of primes. Starting with 
any prime number, such as pı = 2, suppose we have found n primes pı , pa, °** Pa; 
we then observe that the number pip: --- Pa + 1 either is itself a prime or contains 
as a factor a prime which differs from those already found. Since this factor can 
always be found by direct trial, we are sure in any case to find at least one new 
prime Pa+ı ; proceeding in this way we see that the sequence of constructible 
primes can never end. 

Exercise: Carry out this construction starting with pı = 2, pa = 3 and find 
5 more primes. 


When a number has been expressed as a product of primes, we may 
arrange these prime factors in any order. A little experience shows that, 
except for this arbitrariness in the order, the decomposition of a number 
N into primes is unique: Every integer N greater than 1 can be factored 
into a product of primes in only one way. This statement seems at first 
sight to be so obvious that the layman is very much inclined to take 
it for granted. But it is by no means a triviality, and the proof, though 
perfectly elementary, requires some subtle reasoning. The classical 
proof given by Euclid of this ‘fundamental theorem of arithmetic” is 
based on a method or “‘algorithm’” for finding the greatest common 
divisor of two numbers. This will be discussed on page 44. Here we 
shall give instead a proof of more recent vintage, somewhat shorter 
and perhaps more sophisticated than Euclid’s. It is a typical example 
of an indirect proof. We shall assume the existence of an integer 
capable of two essentially different prime decompositions, and from this 
assumption derive a contradiction. This contradiction will show that 
the hypothesis that there exists an integer with two essentially different 
prime decompositions is untenable, and hence that the prime decomposi- 
tion of every integer is unique. 

*If there exists a positive integer capable of decomposition into two 
essentially different products of primes, there will be a smallest such 
integer (see p. 18), 

(1) M = PPa ++- Pe = Hoe ++ Ge, 
where the p’s and q’s are primes. By rearranging the order of the p’s 
and g's if necessary, we may suppose that 

DSS SDR, EBE LQ. 


Now p cannot be equal to qı, for if it were we could cancel the first 
factor from each side of equation (1) and obtain two essentially different 
prime decompositions of an integer smaller than m, contradicting the 
choice of m as the smallest integer for which this is possible. Hence 
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either pı < g1 or qu < pı. Suppose pı < qı. (If qu < pı we simply 
L at senn 


rs p and g in wh 
(2) m! = m — (Pa +++ qa). 


By substituting for m the two expressions of equation (1) we may write 
the integer m’ in either of the two forms 


(3) m = (pipe +++ pe) — (Piga +++ Ge) = pilDaps +++ De — la -** Ge) 
(4) m = (qig2 +++ Gs) — (Pi + Ge) = (G1 — Di) (gh +- Q.) 


Since pı < q , it follows from (4) that m’ is a positive integer, while from 
(2) it follows that m’ is smaller than m. Hence the prime decomposi- 
tion of m’ must be unique, aside from the order of the factors. But 
from (3) it appears that the prime p; is a factor of m’, hence from (4) 
pi must appear as a factor of either (qa — pı) or (qaga --+ Ge). (This 
follows from the assumed uniqueness of the prime decomposition of m’; 
see the reasoning in the next paragraph.) The latter is impossible, 
since all the q's are larger than pı. Hence pı must bea factor of q — pi, 
so that for some integer h, 


qQ — p= ph or q= plà +1). 


But this shows that p, is a factor of qı , contrary to the fact that qı is 
a prime. This contradiction shows our initial assumption to be unten- 
able and hence completes the proof of the fundamental theorem of 
arithmetic. 

An important corollary of the fundamental theorem is the following: 
If a prime p is a factor of the product ab, then p must be a factor of either 
aor b. For if p were a factor of neither a nor b, then the product 
of the prime decompositions of a and b would yield a prime decomposi- 
tion of the integer ab not containing p. On the other hand, since p is 
assumed to be a factor of ab, there exists an integer t such that 


ab = pi. 


Hence the product of p by a prime decomposition of ¢ would yield a prime 
decomposition of the. integer ab containing p, contrary to the fact that 
the prime decomposition of ab is unique. 

Examples: If one has verified the fact that 13 is a factor of 2652, and 
the fact that 2652 = 6-442, one may conclude that 13 is a factor of 442. 
On the other hand, 6 is a factor of 240, and 240 = 15-16, but 6 is not a 
factor of either 15 or 16. This shows that the assumption that p is 
prime is an essential one. 
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Exercise: In order to find all the divisors of any number a we need only decom- 
pose a into a product 


a = php o pt, 


where the p’s are distinct primes, each raised to a certain power. AH the divisors 


of a are the numbers 
b = phigh- a, 


where the §’s are any integers satisfying the inequalities 
O0<Aicam,0< Bsr La, Sha. 


Prove this statement. As a consequence, show that the number of different 
divisors of a (including the divisors a and 1) is given by the product 


(œa + 1) (as + 1) +++ (ae + 1). 


For example, 
144 = 24-33 
has §-3 divisors. They are 1, 2, 4, 8, 16, 3, 6, 12, 24, 48, 9, 18, 36, 72, 144. 


2. The Distribution of the Primes 


A list of all the primes up to any given integer N may be constructed 
by writing down in order all the integers less than N, striking out all 
those which are multiples of 2, then all those remaining which are 
multiples of 3, and so on until all composite numbers have been elimi- 
nated. This process, known as the “sieve of Eratosthenes,” will catch 
in its meshes the primes up to N. Complete tables of primes up to 
about 10,000,000 have gradually been computed by refinements of this 
method, and they provide us with a tremendous mass of empirical data 
concerning the distribution and properties of the primes. On the basis 
of these tables we can make many highly plausible conjectures (as 
though number theory were an experimental science) which are often 
extremely difficult to prove. 


a. Formulas Producing Primes 


Attempts have been made to find simple arithmetical formulas that 
yield only primes, even though they may not give all of them. Fermat 
made the famous conjecture (but not the definite assertion) that all 
numbers of the form 


Fin) = 2 +1 
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are primes. Indeed, for n = 1, 2, 3, 4 we obtain 

F0) =2?+1= 

F2)=2%°4+1=2'4+1=17, 

F(3) = 2 +1 = 24 1 = 257, 

F(4) = 2° + 1 = 2% + 1 = 65,537, 
all primes, But in 1732 Euler discovered the factorization 2” + 1 = 
641.6,700,417; hence F(5) isnot a prime. Later, more of these “Fermat 
numbers” were found to be composite, deeper number-theoretical 
methods being required in each case because of the insurmountable 
difficulty of direct trial. To date it has not even been proved that 
any of the numbers F(n) is a prime for n > 4. 


Another remarkable and simple expression which produces many 
primes is 


| 


fin) =n? —n+ 4. 
For n = 1, 2,3, .-- , 40, f(n) is a prime; but for n = 41, we have 
f(n) = 41’, which is no longer a prime. 
The expression 
n? — 79n + 1601 

yields primes for all n up to 79, but fails when n = 80. On the whole, 
it has been a futile task to seek expressions of a simple type which 
produce only primes. Even less promising is the attempt to find an 
algebraic formula which shall yield all the primes. 


b. Primes in Arithmetical Progressions 


While it was simple to prove that there are infinitely many primes in 


the sequence of all integers, 1, 2, 3, 4, .-- , the step to sequences such as 
1, 4, 7, 10, 13, --- or 3, 7, 11, 15, 19, --- or, more generally, to any 
arithmetical progression, a, a + d, a + 2d,---a-+nd,-.-.,whereaandd 


have no common factor, was much more difficult. All observations 
pointed to the fact that in each such progression there are infinitely 
many primes, just as in the simplest one, 1, 2, 3,.--. It required an 


enormous effort to prove this general theorem. Lejeune Dirichlet 
(1R2NE_1R4AG\ nna of tha laadinge mathamatiniange of tha ninatoonth san 


yA U aoas 7, UALL MFA viiu iN e aa a Y AAG VAIL UA A) MA UA ALAA ULE Wh 


tury, obtained full success by applying the most advanced tools of 
mathematical analysis then known. His original papers on the subject 
rank even now among the outstanding achievements in mathematics, 
and after a hundred years the proof has not yet been simplified enough 
to be within the reaeh of students who are not well trained in the 
technique of the calculus and of function theory. 


PRIMES IN ARITHMETICAL PROGRESSIONS 27 


Although we cannot attempt to prove Dirichlet’s general theorem, 
it is easy to generalize Euclid’s proof of the infinitude of primes to cover 
some special arithmetical progressions such as 4n + 3 and 6n+ 5. To 
treat the first of these, we observe that any prime greater than 2 is 
odd (since otherwise it would be divisible by 2) and hence is of the form 


án + 1 orán + 3, for some integer n. Furthermore, the product of 
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two numbers of the form 4n + 1 is again of that form, since 
(4a + 1)(4b + 1) = 16ab + 4a + 4b + 1 = 4(4ab + a + DB) +l. 


Now suppose there were but a finite number of primes, pı , Pi, --- Da, 
of the form 4n + 3, and consider the number 


N = 4(pipa +++ pa) ~ 1 = 4(— +++ Pa — 1) + 38. 


Either N is itself a prime, or it may be decomposed into a product of 
primes, none of which can be pı, +--+ , pa, since these divide N with a 
remainder —1. Furthermore, all the prime factors of N cannot be of 
the form 4n + 1, for N is not of that form and, as we have seen, the 
product of numbers of the form 4n + 1 is again of that form. Hence 
at least one prime factor must be of the form 4n + 3, which is impossible, 
since we saw that none of the p’s, which we supposed to be all the primes 
of the form 4n + 3, can be a factor of N. Therefore the assumption 
that the number of primes of the form 4n + 3 is finite has led to a 
contradiction, and hence the number of such primes must be infi- 
nite. 


Exercise: Prove the corresponding theorem for the progression 6n + 5. 


c. The Prime Number Theorem 


In the search for a law governing the distribution of the primes, the 
decisive step was taken when mathematicians gave up futile attempts 
to find a simple mathematical formula yielding all the primes or giving 
the exact number of primes contained among the first n integers, and 
sought instead for information concerning the average distribution of 
the primes among the integers. 

For any integer n let us denote by A, the number of primes among 
the integers 1, 2,3, ...,m. If we underline the primes in the sequence 
consisting of the first few integers: 123456789 10 11 1213 1415 
16 17 18 19 ..- we can compute the first few values of A, : 

A, = 0, A, = 1, Ay = Ag = 2, Ay = Ag = 3, Ay = Ag = Ay = Ayo = 4, 
Ay = År = 5, An = Au = Avy = An = 6, An = An = 7, Av = 8, ete. 
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If we now take any sequence of values for n which increases without 
limit, say . 
2 3 i 
n = 10, 10°, 10°, 10, =, 
then the corresponding values of Ag, 
Axo } A103 ; A01 , Aigi 1’) 


will also increase without limit (although more slowly). For we know 
that there are infinitely many primes, so the values of A, will sooner 
or later exceed any finite number. The “density” of the primes among 
the first n integers is given by the ratio A,/n, and from a table of primes 
the values of A,/n may be computed empirically for fairly large values 
ofn. 


n A,/n 


10° | 0.078498 
10° | 0.050847478 


The last entry in this table may be regarded as giving the probability 
that an integer picked at random from among the first 10° integers will 
be a prime, since there arc 10° possible choices, of which Ajo are 
primes. 

The distribution of the individual primes among the integers is ex- 
tremely irregular. But this irregularity “in the small” disappears if 
we fix our attention on the average distribution of the primes as given 
by the ratio A,/n. The simple law that governs the behavior of 
this ratio is one of the most remarkable discoveries in the whole of 
mathematics. In order to state the prime number theorem we must 
define the “natural logarithm” of an integer n. To do this we take two 
perpendicular axes in a plane, and consider the locus of all points in 
the plane the product of whose distances z and y from these axes is 
equal toone. In terms of the coérdinates z and y this locus, an equilat- 
eral hyperbola, is defined by the equation zy = 1. We now define log 
n to be the area in Figure 5 bounded by the hyperbola, the z-axis, and 
the two vertical lines x = 1 and z = n. (A more detailed discussion of 
the logarithm will be found in Chapter VIII.) From an empirical study 
of prime number tables Gauss observed that the ratio A,/n is approxi- 
mately equal to 1/log n, and that this approximation appears to improve 
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as n increases. The goodness of the approximation is given by the 
ratio ae whose values for n = 1000, 1,000,000, 1,000,000,000 are 
shown in the following table. 
A,/n 
n A,/n 1/log n logn 
10° 0.168 0.145 1.159 


10° 0.078498 0.072382 1,084 
10° 0.050847478 0.048254942 1.053 


l n 
Fig. 6. The area of the shaded region under the hyperbola defines log n., 


On the basis of such empirical evidence Gauss made the conjecture that 
the ratio A,/n is “asymptotically equal” to 1/log n. By this is meant 
that if we take a sequence of larger and larger values of n, say n equal to 
10, 10’, 10°, 10°, .-- 

as before, then the ratio of A,/n to 1/log n, 

A,/n 

1/log n’ 
calculated for these successive values of n, will become more and more 
nearly equal to 1, and that the difference of this ratio from 1 can be 
made as small as we please by confining ourselves to sufficiently large 
values of n. This assertion is symbolically expressed by the sign ~: 
An 1 A,/n 


n logn means j /log n 








tends to 1 as n increases. 


That ~ cannot be replaced by the ordinary sign = of equality is clear 
from the fact that while A, is always an integer, n/log n is not. 
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That the average behavior of the prime number distribution can be 
described by the logarithmic function is a very remarkable discovery, 
for it is surprising that two mathematical concepts which seem so un- 
related should be in fact so intimately connected. 

Although the statement of Gauss’s conjecture is simple to understand, 
a rigorous mathematical proof was far beyond the powers of mathemati- 
cal science in Gauss’s time. To prove this theorem, concerned only with 
the most elementary concepts, it is necessary to employ the most 
powerful methods of modern mathematics. It took almost a hundred 
years before analysis was developed to the point where Hadamard 
(1896) in Paris and de la Vallée Poussin (1896) in Louvain could give 
a complete proof of the prime number theorem. Simplifications and 
important modifications were given by v. Mangoldt and Landau. 
Long before Hadamard, decisive pioneering work had been done by Rie- 
mann (1826-1866) in a famous paper where the strategic lines for the 
attack were drawn. Recently, the American mathematician Norbert 
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numbers at an important step of the reasoning. But the proof of the 
prime number theorem is still no easy matter even for an advanced 
student. We shall return to this subject on page 482 et seq. 


d. Two Unsolved Problems Concerning Prime Numbers 


While the problem of the average distribution of primes has been 
satisfactorily solved, there are many other conjectures which are sup- 
ported by all the empirical evidence but which have not yet been proved 
to be true. 

One of these is the famous Goldbach conjecture. Goldbach (1690- 
1764) has no significance in the history of mathematics except for this 
problem, which he proposed in 1742 in a letter to Euler. He observed 
that for every case he tried, any even number (except 2, which is itself 
a prime) could be represented as the sum of two primes. For example: 

4=24+2,6=34+3,8 =5+3,10=-5+512=54+7,14= 
7 +7,16 =134+3,18=11+7,20=134+7,..-,48 = 29 + 19, 

, 100 = 97 + 3, ete. 

Goldbach asked if Euler could prove this to be true for all even num- 
bers, or if he could find an example disproving it. Euler never provided 
an answer, nor has one been given since. The empirical evidence in 
favor of the statement that every even number can be so represented 
is thoroughly convincing, as anyone can verify by trying a number of 
examples. The source of the difficulty is that primes are defined in 
terms of multiplication, while the problem involves addition. Generally 
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speaking, it is difficult to establish connections between the multi- 
plicative and the additive properties of integers. 

Until recently, a proof of Goldbach’s conjecture seemed completely 
inaccessible. Today a solution no longer seems out of reach. An 
important success, very unexpected and startling to all experts, was 
achieved in 1931 by a then unknown young Russian mathematician, 
Schnirelmann (1905-1938), who proved that every positive integer can 
be represented as the sum of not more than 800,000 primes. Though this 
result seems ludicrous in comparison with the original goal of proving 
Goldbach’s conjecture, nevertheless it was a first step in that direction. 
The proof is a direct, constructive one, although it does not provide any 
practical method for finding the prime decomposition of an arbitrary 
integer. More recently, the Russian mathematician Vinogradoff, 
using methods due to Hardy, Littlewood and their great Indian col- 
laborator Ramanujan, has succeeded in reducing the number from 
300,000 to 4. This is much nearer to a solution of Goldbach’s problem. 
But there is a striking difference between Schnirelmann’s result and 
Vinogradoff’s; more significant, perhaps, than the difference between 
300,000 and 4. Vinogradoff’s theorem was proved only for all ‘“‘suffi- 
ciently large” integers; more precisely, Vinogradoff proved that there 
exists an integer Ñ such that any integer n > N can be represented as 
the sum of at most 4 primes. Vinogradoff’s proof does not permit us 
to appraise NV; in contrast to Schnirelmann’s theorem it is essentially 
indirect and non-constructive. What Vinogradoff really proved is 
that the assumption that infinitely many integers cannot be decomposed 
into at most 4 prime summands leads to an absurdity. Here we have 
a good example of the profound difference between the two types of 
proof, direct and indirect. (See the general discussion on p. 86.) 

The following even more striking problem than Goldbach’s has come 
nowhere near a solution. It has been observed that primes frequently 
occur in pairs of the form p and p + 2. Such are 3 and 5, 11 and 13, 
29 and 31, etc. The statement that there are infinitely many such pairs 
is believed to be correct, but as yet not the slightest definite step has 
been taken towards a proof. 


§2. CONGRUENCES 


1. General Concepts 


Whenever the question of the divisibility of integers by a fixed integer 
d occurs, the concept and the notation of “congruence” (due to Gauss) 
serves to clarify and simplify the reasoning. 
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To introduce this concept let us examine the remainders left when 
integers are divided by the number 5. We have 


0=0-5+0 7=1-5+2 —] = -1-5+4 
1=0-5+1 8=1-54+3 —2 = -1-54+3 
2=0-5+ 2 9=1-5-+ 4 —3 = -1.5+ 2 
3=0-5+3 10 = 2.-5+ 0 —4 = -1-5+ 1 
4=0-5+ 4 11 =2-5+1 —~5 = —1.5 4+0 
9=1-5+0 12 = 2-54 2 —§6 = —2.5 4+ 4 
6=1.5+1 etc. etc. 


We observe that the remainder left when any integer is divided by 5 is 
one of the five integers 0, 1, 2,3, 4. We say that two integers a and b 
are “congruent modulo 5” if they leave the same remainder on division 
by 5. Thus 2, 7, 12, 17, 22,-.-, —3, —8, —13, —18,--- are all 
congruent modulo 5, since they leave the remainder 2. In general, we 
say that two integers a and b are congruent modulo d, where d is a fixed 
integer, if a and b leave the same remainder on division by d, i.e., if 
there is an integer n such that a — b = nd. Forexample, 27 and 15 are 
congruent modulo 4, since 


27=6-4+3, 15=3-4+43., 


The concept of congruence is so useful that it is desirable to have a 
brief notation for it. We write 


a=b (mod d) 


to express the fact that a and b are congruent modulo d. If there is 
no doubt concerning the modulus, the “mod d” of the formula may be 
omitted. (If a is not congruent to b modulo d, we shall write a # b 
(mod d).) 

Congruences occur frequently in daily life. For example, the hands 
on a clock indicate the hour modulo 12, and the mileage indicator on a 
car gives the total miles traveled modulo 100,000. 

Before proceeding with the detailed discussion of congruences the 
reader should observe that the following statements are all equivalent: 


1. ais congruent to b modulo d. 
2. a = b + nd for some integer n. 
3. d divides a — b. 


The usefulness of Gauss’s congruence notation lies in the fact that 
congruence with respect to a fixed modulus has many of the formal 
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properties of ordinary equality. The most important formal properties 
of the relation a = b are the following: 


1) Always a = a. 
2) If a = b, then b = a. 


2) Tf a hand than 
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and b = b’, then 

4) at+tb=a +v. 

5) a—b=a'— V. 

6) ab = a'b’. 
These properties remain true when the relation a = b is replaced by the 
congruence relation a = b (modd). Thus 


1’) Always a = a (mod d). 
2’) If a = b (mod d) then b = a (mod d). 
3’) If a = b (mod d) and b = c (mod d), then a = c (mod d). 
The trivial verification of these facts is left to the reader. 
Moreover, if a = a’ (mod d) and b = b’ (mod d), then 
4")a+bs5 a’ + b’ (mod d). 
5‘) a — b Sa’ — b’ (mod d). 
6’) ab = a'b (mod d). 
Thus congruences with respect to the same modulus may be added, sub- 


tracted, and multiplied. To prove these three statements we need only 
observe that if 


ia} 


Moreover, if a = a 


a=a'+ rd, b =b + ad, 
then 


atb=a +b + (r+ sd, 
a—-b=a4a —b + (r-— sd, 
ab = a'b + (a's + b’r + rsd)d, 
from which the desired conclusions follow. 

The concept of congruence has an illuminating geometrical inter- 
pretation, Usually, if we wish to represent the integers geometrically, 
we choose a segment of unit length and extend it by multiples of its 
own length in both directions. In this way we can find a point on the 
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dealing with the integers modulo d, any two congruent numbers are con- 
sidered the same as far as their behavior on division by a is concerned, 


34 THE THEORY OF NUMBERS [I] 


since they leave the same remainder. In order to show this geometri- 
cally, we use a circle divided into d equal parts. Any integer when 
divided by d leaves as remainder one of the d numbers 0, 1, --- ,d — 1, 
which are placed at equal intervals on the circumference of the circle. 
Every integer is congruent modulo d to one of these numbers, and hence 
is represented geometrically by one of these points; two numbers are 
congruent if they are represented by the same point. Figure7 is drawn 
for the case d = 6. ‘The face of a clock is another illustration from 
daily life. 


-3 -2 =] 0 1 2 3 
Fig. ô. Geometrical representation of the integers. 


—å -5 
2 l 
8 7 
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-3 0 
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9 12 
-2 -1 
4 5 
10 li 


Fig. 7. Geometrical representation of the integers modulo 8, 


As an example of the use of the multiplicative property 6’) of con- 
gruences we may determine the remainders left when successive powers 
of 10 are divided by a given number. For example, 


10 = —1 (mod 11), 
since 10 = —1 4+ 11. Successively multiplying this congruence by 
itself, we obtain 

10° = (—1)(-1) = 1 (mod 11), 
10° = —1 1s 


10° = 1 “ ete 
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From this we can show that any integer 
z = do + a-10 + a-10° + -+ an- 10", 


expressed in the decimal system, leaves the same remainder on division 
by 11 as does the sum of its digits, taken with alternating signs, 


{=a —a+&—at-:-:. 
For we may write 
z— t= a ll + a,(10° — 1) + a;(10° + 1) + a(10‘— 1) +.---. 


Since all the numbers 11, 10’ — 1, 10° + 1, --- are congruent to 0 modulo 
11, z — tis also, and therefore z leaves the same remainder on division 
by 11 as doest. It follows in particular that a number is divisible by 11 
(i.e. leaves the remainder 0) if and only if the alternating sum of its digits 
is divisible by 11. For example, since 3 —1+6—2+8-—-1+9= 
22, the number z = 3162819 is divisible by 11. To find a rule for 
divisibility by 3 or 9 is even simpler, since 10 = 1 (mod 3 or 9), and 
therefore 10" = 1 (mod 3 or 9) for any n. It follows that a number z 


Wa A AF ee = ERRA Tr Wwe ā WF ewes 


is divisible by 3 or 9 if and only if the sum of its digits 
S=&+Ta+t&mt::: +a, 


is likewise divisible by 3 or 9, respectively. 
For congruences modulo 7 we have 


10 = 3, 1° =2, 10° = ~1, 10‘ = —3, 10° = -2, 10° = 1. 


The successive remainders then repeat. Thus z is divisible by 7 if and 
only if the expression 


r = æo + 3a, + 2a: — ay — 3u — 2a + as + 3a, t 
is divisible by 7. 
Exercise: Find a similar rule for divisibility by 13. 


In adding or multiplying congruences with respect to a fixed modulus, 
say d = 5, we may keep the numbers involved from getting too large 
by always replacing any number a by the number from the set 


0, 1, 2 3, 4 
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to which it is congruent. Thus, in order to calculate sums and products 
of integers modulo 5, we need only use the following addition and 
multiplication tables. 


a+ b a-b 
b=0 12 3 4 b=0 12 3 4 
a=#O O12 3 4 a=0 0000 90 
1 123 4 O 1 O12 8 4 
2 23 4 0 1 2 02 41 8 
3 323 401 2 3 03 1 4 2 
4 401 2 8 4 043 2 1 


From the second of these tables it appears that a product ab is con- 
gruent to 0 (mod 5) only if a or b is = 0 (mod 5). This suggests the 
general law 


7) ab = 0 (mod d) only if either a = 0 or b = 0 (mod d), 


which is an extension of the ordinary law for integers which states that 
ab = O only if a =Oorb=0. The law 7) holds only when the modulus d 
ts a prime. For the congruence 


ab = 0 (mod d) 


means that d divides ab, and we have seen that a prime d divides a 
product ab only if it divides a or b; that is, only if 


a = Q (modd) or b=0 (mod d). 


If d is not a prime the law need not hold; for we can write d = r-s, 
where r and s are less than d, so that 


r #0 (mod d), s £0 (mod d), 
but 
rs =d =0 (mod d). 
For example, 2 # 0 (mod 6) and 3 # O (mod 6), but 2-3 = 6 = 0 
(mod 6). 


Ezercise: Show that the following law of cancellation holds for con- 
gruences with respect to a prime modulus: 


If ab = ac anda Æ 0, then b = c. 


Ezerciaes: 1) To what number between 0 and 6 inclusive is the product 11-18- 
2322-13-19 congruent modulo 7? 
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2) To what number between 0 and 12 inclusive is 3-7-11-17-19-23-29-113 
congruent modulo 13? 

3) To what number between 0 and 4 inclusive is the sum 1 + 2 + 2% + - +42” 
congruent modulo 6? 


2. Fermat’s Theorem 


In the seventeenth century, Fermat, the founder of modern number 
theory, discovered a most important theorem: If p ts any prime which 
does not divide the integer a, then 


a = 1 (mod p). 


This means that the (p — 1)st power of a leaves the remainder 1 upon 
division by p. 

Some of our previous calculations confirm this theorem; for example, 
we found that 10° = 1 (mod 7), 107 = 1 (mod 3), and 10° = 1 
(mod 11). Likewise we may show that 2" = 1 (mod 13) and 5" = 1 
(mod 11). To check the latter congruences we need not actually cal- 
culate such high powers, since we may take advantage of the multi- 
plicative property of congruences: 


% — 16 =3 feand 12) r? 9 fmnd 11\ 
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5” = 3.4=12 21 e 
To prove Fermat’s theorem, we consider the multiples of a 
m = a, Mm, = 2a, m, = 3a, --: , Mp = (p — 1)a. 


No two of these integers can be congruent modulo p, for then p would 
be a factor of m, — m, = (r — s)a for some pair of integers r, s with 
1 <r<s < (p— 1). But the law 7) shows that this cannot occur; 
for since s — r is less than p, p is not a factor of s — r, while by assump- 
tion p is not a factor of a. Likewise, none of these numbers can be 
congruent to 0. Therefore the numbers mi, m, --- , Mp must be 
respectively congruent to the numbers 1, 2, 3,---,p — 1, in some 
arrangement. It follows that 


mm +++ Mp1 = 1-2.3 ... (p — 1)a”™* = 1-2.3 ... (p — 1) (mod p), 
or, if for brevity we write K for 1.2.3 ... (p — 1), 
K(a”' — 1) a0 (mod p). 
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But K is not divisible by p, since none of its factors is; hence by the 
law 7), (a™ — 1) must be divisible by p, i.e. 


mi o ]js=0 (mod p). 


This is Fermat’s theorem. 


To check the theorem once more, let us take p = 23 and a = 5. 
We then have, all modulo 23, 5 = 2, 5‘ = 4, 5 = 16 = —7, 5% = 
49 = 3, 5° = 12,5" = 24 = 1. With a = 4 instead of 5, we get, 
again modulo 23, 4’ = —7, 4° 28 = —5, 4 = -20 = 3,4 = 9 


M Ml 


4" = —45 = 1, 4” . 
In the example above with a = 4, p = 23, and in others, we ob- 
serve that not only the (p — 1)st power of a, but also a smaller power 
may be congruent to 1. It is always true that the smallest such power, 
in this case 11, is a divisor of p — 1. (See the following Exercise 3.) 


Exercises: 1) Show by similar computation that 28 =1 (mod 17); 3* = —1 (mod 
17); 34 = —1 (mod 29); 21 = —1 (mod 29); 4% = 1 (mod 29); 5H = 1 (mod 29). 
2) Check Fermat’s theorem for p = 5, 7, 11, 17, and 23 with different values 
of a. 
3) Prove the general theorem: The smallest positive integer e for which a’ = 1 
(mod p) must be a divisor of p ~ 1, (Hint: Divide p — 1 by e, obtaining 
p—-l=ketr, 


where 0 < r < e, and use the fact that a?! m a* m 1 (mod p).) 


3. Quadratic Residues 


Referring to the examples for Fermat’s theorem, we find that not 
only is a” | = 1 (mod p) always, but (if p is a prime different from 2, 
therefore odd and of the form p = 2p’ + 1) that for some values of a, 


a” = gg??? = 1 (mod p). This fact suggests a chain of interesting 
investigations. We may write the theorem in the following form: 


pty = a” — 1 = (a — 1)(a”" +1) =0 ~~ (mod p). 


Since a product is divisible by p only if one of the factors is, it appears 
immediately that either a? — 1 ora” + 1 must be divisible by p, so 
that for any prime p > 2 and any number a not divisible by p, either 


— —1})}/2 


From the beginning of modern number theory mathematicians have 
been interested in finding out for what numbers a we have the first 
case and for what numbers the second. Suppose a is congruent modulo 
p to the square of some number z, 

2 


azr (mod p). 
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Then a?~”? = z”, which according to Fermat’s theorem is congruent 
to 1 modulo p. A number a, not a multiple of p, which is congruent 
modulo p to the square of some number is called a quadratic residue of p, 
while a number 8, not a multiple of p, which is not congruent to any 
square is called a quadratic non-residue of p. We have just seen that 
every quadratic residue a of p satisfies the congruence a?” = 1 
(mod p). Without serious difficulty it can be proved that for every 
non-residue b we have the congruence b'°°~”!? = —1 (mod p). More- 
over, we shall presently show that among the numbers 1, 2, 3, --- , p—1 
there are exactly (p — 1)/2 quadratic residues and (p — 1)/2 non- 
residues. 

Although much empirical data could be gathered by direct computa- 
tion, it was not easy at first to discover general laws governing the 
distribution of quadratic residues and non-residues. The first deep- 
lying property of these residues was observed by Legendre (1752-1833), 
and later called by Gauss the Law of Quadratic Reciprocity. This 
law concerns the behavior of two different primes p and gq, and states 
that g is a quadratic residue of p if and only if p is a quadratic residue of q, 
provided that the product ( P z 1\.( T 5 1) is even. In case this 
product is odd, the situation is reversed, so that p is a residue of gq if 
and only if g is a non-residue of p. One of the achievements of the 
young Gauss was to give the first rigorous proof of this remarkable 
theorem, which had long been a challenge to mathematicians. Gauss’s 
first proof was by no means simple, and the reciprocity law is not too 
easy to establish even today, although a great many different proofs 
have been published. Its true significance has come to light only re- 
cently in connection with modern developments in algebraic number 
theory. 

As an example illustrating the distribution of quadratic residues, let 
us choose p = 7. Then, since 








C=0, l=1, 2=4, V=2, #=2 F=H4 C= 


H remaining squares repeat this sequ 
radiatie eaid o re the numbers congruent to 1, 2, or 4, while 
the non-residues are congruent to 3, 5, or 6. In the general case, the 
quadratic residues of p consist of the numbers congruent to 1’, 


2°, ---, (p — 1). But these are congruent in pairs, for 


=(p— z) (modp) (eg, =5 (mod7)), 
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since (p — x)? = p’ — 2px + r° = x’ (mod p). Hence half the num- 
bers 1, 2, «+. ,p — 1 are quadratic residues of p and half are quadratic 
non-residues. 

To illustrate the quadratic reciprocity law, let us choose p = 5, 
q = 11. Since 11 = 1’ (mod 5), 11 is a quadratic residue (mod 5); 
since the product [(5 — 1)/2][(11 — 1)/2] is even, the reciprocity law 
tells us that 5 is a quadratic residue (mod 11). In confirmation of this, 
we observe that 5 = 4° (mod 11). On the other hand, if p = 7, q = 11, 
the product [(7 — 1)/2][(11 — 1)/2] is odd, and indeed 11 is a residue 
(mod 7) (since 11 = 2° (mod 7)), while 7 is a non-residue (mod 11). 

Exercises: 1. 6? = 36 = 13 (mod 23). Is 23 a quadratic residue (mod 13)? 


2. We have seen that 2? m (p — z)? (mod p). Show that these are the only 
congruences among the numbers }, 23, 33, --- , (p — 17. 


§3. PYTHAGOREAN NUMBERS AND FERMAT’S 
LAST THEOREM 


An interesting question in number theory is connected with the 
Pythagorean theorem. The Greeks knew that a triangle with sides 
3, 4, 5 is a right triangle. This suggests the general question: What 
other right triangles have sides whose lengths are integral multiples of 
a unit length? The Pythagorean theorem is expressed algebraically by 
the equation 
(1) ctb =e, 
where a and b are the lengths of the legs of a right triangle and c is the 
length of the hypotenuse. The problem of finding al right triangles 
with sides of integral length is thus equivalent to the problem of finding 
all integer solutions (a, b, c) of equation (1). Any such triple of numbers 
is called a Pythagorean number triple. 

The problem of finding all Pythagorean number triples can be solved 
very simply. If a, b and c form a Pythagorean number triple, so that 
a’ + b = c’, then we put, for abbreviation, a/c = z, b/c = y. xandy 
are rational numbers for which z? + y? = 1. We then have y = 
(1 — x)(1 + 2), ory/(1 + x) = (1 — x)/y. The common value of the 
two sides of this equation is a number ¢ which is expressible as the 
quotient of two integers, u/v. We can now write y = é(1 + z) and 
(1 — x) = fy, or 

tr — y = —, z+ ty=l. 
From these simultaneous equations we find immediately that 
1-?¢ _ X 
life "Tse 
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Substituting for z, y and t, we have 

a_y—v b_ 2w 

e wvte? e wye 


Therefore 

a = (v — ur, 
(2) b = (2uv)r, 

c = (u + vyr, 


for some rational factor of proportionality r. This shows that if (a, b, c) 
is a Pythagorean number triple, then a, b, c are proportional to v* — u’, 
2uv, u? + v, respectively. Conversely, it is easy to see that any triple 
(a, b, c) defined by (2) isa Pythagorean triple, for from (2) we obtain 


a’ = (u — wr + vr’, 

b = (4u’y’)r*, 

È = (ut + wêr + or, 
so that a® + b = č. 

This result may be simplified somewhat. From any Pythagorean 
number triple (a, b, c) we may derive infinitely many other Pythagorean 
triples (sa, sb, sc) for any positive integer s. Thus, from (3, 4, 5) we 
obtain (6, 8, 10), (9, 12, 15), ete. Such triples are not essentially dis- 
tinct, since they correspond to similar right triangles. We shall there- 


fore define a primitive Pythagorean number triple to be one where a, 
b, and c have no common factor. It can then be shown that the formulas 


2 2 
a=v —u, 
b = 2wv, 

2 2 
c= u +0, 


for any positive integers u and v with v > u, where u and v have no com- 
mon factor and are not both odd, yield all primitive Pythagorean number 
triples. 


*Krercise: Prove the last statement. 


As examples of primitive Pythagorean number triples we have u = 2, 
v = 1: (3,4, 5), u = 3, v = 2: (5, 12, 13), u = 4,v = 3: (7, 24, 25), >, 
u = 10,» = 7: (1, 140, 149), ete. 
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This result concerning Pythagorean numbers naturally raises the 
question as to whether integers .a, b, c can be found for which a’ + b = 
cor a‘ + bf = c*, or, in general, whether, for a given positive integral 
exponent n > 2, the equation 


(3) a” +b" = c” 


can be solved with positive integers a, b, c. An answer was provided 
by Fermat in a spectacular way. Fermat had studied the work of 
Diophantus, the ancient contributor to number theory, and was accus- 
tomed to making comments in the margin of his copy. Although he 
stated many theorems there without bothering to give proofs, all of 
them have subsequently been proved, with but one significant exception. 
While commenting on Pythagorean numbers, Fermat stated that 
the equation (3) is not solvable tn integers for any n > 2, but that the 
elegant proof which he had found was unfortunately too long for the 
margin in which he was writing. 

Fermat’s general statement has never been proved true or false, 
despite the efforts of some of the greatest mathematicians since his 
time. The theorem has indeed been proved for many values of n, in 
particular, for all n < 619, but not for all n, although no counter- 
example has ever been produced. Although the theorem itself is not 
so important mathematically, attempts to prove it have given rise to 
many important investigations in number theory. The problem has 
also aroused much interest in non-mathematical circles, due in part to a 
prize of 100,000 marks offered to the person who should first give a 
solution and held in trust at the Royal Academy at Göttingen. Until 
the post-war German inflation wiped out the monetary value of this 
prize, a great number of incorrect “solutions” was presented each year 
to the trustees. Even serious mathematicians sometimes deceived 
themselves into handing in or publishing proofs which collapsed after 
some superficial mistake was discovered. General interest in the ques- 
tion seems to have abated since the devaluation of the mark,.though from 
time to time there is an announcement in the press that the problem has 
been solved by some hitherto unknown genius. 


§4. THE EUCLIDEAN ALGORITHM 
1. General Theory 


The reader is familiar with the ordinary process of long division of onc 
integer a by another integer b and knows that the process can be carried 
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out until the remainder is smaller than the divisor. Thus if a = 648 
and b = 7 we have a quotient g = 92 and a remainder r = 4. 


_92 
7 | 648 648 = 7.92 + 4. 
63 
18 
14 
4 


We may state this as a general theorem: If a ts any integer and b is 
any integer greater than 0, then we can always find an integer q such that 


(1) a = b-q + T, 
where r is an integer satisfying the inequality 0 < r < b. 
To prove this statement without making use of the process of long division we 
need only observe that any integer a is either itself a multiple of b, 
a= bq, 
or lies between two successive multiples of b, 
bg <a < big +1) = bg-+b. 

In the first case the equation (1) holds with r = 0. In the second case we have, 
from the first of the inequalities above, 

a-—bg=r> 0, 
while from the second inequality we have 

a—bļ=r <b, 
so that 0O < r < b as required by (1). 


From this simple fact we shall deduce a variety of important conse- 
quences. The first of these is a method for finding the greatest common 
divisor of two integers. 

Let a and b be any two integers, not both equal to 0, and consider the 
set of all positive integers which divide both a and b. This set is cer- 
tainly finite, since if a, for example, is = 0, then no integer greater in 
magnitude than a can be a divisor of a, to say nothing of b. Hence 
there can be but a finite number of common divisors of a and b, and of 
thesc lct d be the greatest. The integer d is called the grealest common 
divisor of a and b, and written d = (a, b). Thus for a = 8 and b = 12 
we find by direct trial that (8, 12) = 4, while for a = 5 and b = 9 we 
find that (5,9) = 1. When aand bare large, say a = 1804 and b = 328, 
the attempt to find (a. b) bv trial and error would be quite wearisome. 
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A short and certain method is provided by the Euclidean algorithm. 
(An algorithm is a systematic method for computation.) It is based 
on the fact that from any relation of the form 


(2) a=bqt+r 
it follows that 
(3) (a, b) = (b, r). 


For any number u which divides both a and b, 

a= su, b = tu, 
also divides r, since r = a — bg = su — qtu = (a — gt)u; and con- 
versely, every number v which divides b and r, 

b = s'r, r= tr, 


also divides a, since a = bg + r = s'vg + tv = (s'q + t’)v. Hence 
every common divisor of a and b is at the same time a common divisor 
of b and r, and conversely. Since, therefore, the set of al common 
divisors of a and b is identical with the set of all common divisors of b 
and r, the greatest common divisor of a and b must be equal to the 
greatest common divisor of b and r, which establishes (3). The useful- 
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Let us return to the question of finding the greatest common divisor 
of 1804 and 328. By ordinary long division 


5 
328 | 1804 
1640 
164 
we find that 
1804 = 5.328 + 164. 
Hence from (3) we conclude that 
(1804, 328) = (328, 164). 
Observe that the problem of finding (1804, 328) has been replaced by a 


problem involv ing smaller numbers. We may continue the process. 
Since 


164 | 328 
328 
0, 
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we have 328 = 2.164 + 0, so that (328, 164) = (164, 0) = 164. Hence 
(1804, 328) = (328, 164) = (164, 0) = 164, which is the desired result. 

This process for finding the greatest common divisor of two numbers 
is given in a geometric form in Euclid’s Elements. For arbitrary integers 
a and b, not both 0, it may be described arithmetically in the following 
terms. 

We may supposc that b = 0, since (a, 0) = a. Then by successive 
division we can write 


a= bq +r (0 < rı < b) 
(4) b=nget+r (0 < re <r) 
rr = reda t+ Ps (0 < ra < ro) 
ro = mga tr (0 < ri < r3) 


(E E E E E E E E E E E S E a a a a E a a E E 


so long as the remainders rı , r2, r3, -++ are not 0. From an inspection 
of the inequalities at the right, we sec that the successive remainders 
form a steadily decreasing sequence of positive numbers: 


(5) b>n>r>na>n>--- >. 


Hence after at most b steps (often many fewer, since the difference 
between two successive r’s is usually greater than 1) the remainder 0 must 
appear: 


Tn-2 = Tnidn + fa 
Poa = falni + 0. 
When this occurs we know that 
(a,b) = ra; 


in other words, (a, b) ¢s the last positive remainder in the sequence (5). 
This follows from successive application of the equality (3) to the eq- 
uations (4), since from successive lincs of (4) we have 


(a, b) = (b, rı), (b, rı) = (ri J a), (ri J r2) = (r2, rs), 


(r2, ra) = (rs, ra), cee y (Thi; Tn) = (rn , 0) = Fn. 


Exercise: Carry out the Euclidean algorithm for finding the greatest common 
divisor of (a) 187,77. (b) 105, 385. (e) 245, 193. 


An extremely important property of (a, b) can be derived from equa- 
tions (4). Jfd = (a, b), then positive or negative integers k and | can be 
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found such that 
(6) d = ka + lb. 


To show this, let us consider the sequence (5) of successive remainders. 
From the first equation in (4) 


rı = a— qib, 
go that r, can be written in the form kia + hb (in this case kı = 1, 
hl = —q). From the next equation, 

ra = b — qr = b — ga(kia + hb) 
= (—gkıja + (1 — gh)b = ka + hb. 

Clearly this process can be repeated through the successive remainders 
r3, ra, -++ until we arrive at a representation 

rn = ka + D, 
as was to be proved. 

As an example, consider the Euclidean algorithm for finding (61, 24); 
the greatest common divisor is 1 and the desired representation for 1 
can be computed from the equations 

6l = 2.24 + 13, 24 =1-13 + 11, 13=1.11 +2, 
11 = 5.2 +1, 2=2-1+0. 
We have from the first of these equations 
13 = 61 — 2-24, 
from the second, 
11 = 24 — 13 = 24 — (61 — 2-24) = —61 + 3.24, 
from the third, 

2 = 13 — 11 = (61 — 2.24) — (—61 + 3.24) = 2-61 — 5.24, 
and from the fourth, 

1 = 11 — 5.2 = (—61 + 3-24) — 5(2-61 — 5-24) = —11-61 + 28-24. 


2. Application to the Fundamental Theorem of Arithmetic 


The fact that d = (a, b) can always be written in the form d = 
ka + ib may be uscd to give a proof of the fundamental theorem of 
arithmetic that is independent of the proof given on page 23. First 
we shall prove, as a lemma, the corollary of page 24, and then from this 
lemma we shall deduce the fundamental theorem, thus reversing the 
previous order of proor. 
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Lemma: If a prime p divides a product ab, then p must divide a or b. 

If a prime p does not divide the integer a, then (a, p) = 1, since the 
only divisors of p are p and 1. Hence we can find integers k and ł 
such that 


1 = ka + lp. 
Multiplying both sides of this equation by b we obtain 
b = kab + lpb. 
Now if p divides ab we can write 
ab = pr, 
so that 


b = kpr + lpb = p(kr + Ib). 


from which it is evident that p divides b. Thus we have shown that if 
p divides ab but does not divide a then it must divide b, so that in any 
event p must divide a or b if it divides ab. 

The extension to products of more than two integers is immediate. 
For example, if p divides abe, then by twice applying the lemma we can 
show that p must divide at least one of the integers a, b, and e. For if 
p divides neither a, b, nor c, then it cannot divide ab and hence cannot 
divide (ab)c = abc. 


Ezercise: The extension of this argument to products of any number n of 
integers requires the explicit or implicit use of the principle of mathematical in- 
duction. Supply the details of this argument. 


From this result the fundamental theorem of arithmetic follows at 
once. Let us suppose given any two decompositions of a positive in- 
teger N into-primes: 


N = Pipe +++ Pr = QQ **- Qa- 


Since p, divides the left side of this equation, it must also divide the 
right, and hence, by the previous exercise, must divide one of the 
factors g.. But g, is a prime, therefore pı must be equal to this gx. 
After these equal factors have been cancelled from the equation, it 
follows that p must divide one of the remaining factors g,, and hence 
must be equal to it. Striking out pe and q; , we proceed similarly with 
P3, +++ , Pr. At the end of this process all the p’s will be cancelled, 
leaving only 1 on the left side. No g can remain on the right side, 
since all the g’s are larger than one. Hence the p’s and g’s will be 
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paired off into equal couples, which proves that, except perhaps for the 
order of the factors, the two decompositions were identical. 


3. Euler’s y Function. Fermat’s Theorem Again 


Mhara Inta mnnn Pt ana h Ann aN iA én La asalesdcarmias Jeha £48 a PE y éLatw anon tank 
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eommon divisor is 1: 


For example, 24 and 35 are relatively prime, while 12 and 18 are not. 
If a and b are relatively prime, then for suitably chosen positive or negative 
integers k and | we can write 


ka+ ib = 1. 
This follows from the property of (a, b) stated on page 45. 


Ezerctse: Prove the theorem: Ifan integer r divides a product ab and is relatively 
prime to a, then r muat divide b. (Hint: if r is relatively prime to a then we can 


find integers k and l such that 
kr + la = 1. 


Multiply both sides of this equation by b.) This theorem includes the lemma 
of page 46 as a special case, since a prime p is relatively prime to an integer 4 if 
and only if p does not divide a. 


For any positive integer n, let y(n) denote the number of integers from 
1 to n which are relatively prime ton, This function e(n), first intro- 
duced by Euler, is a “number-theoretical function” of great importance. 
The values of (n) for the first few values of n are easily computed: 


gl) =1 since 1 is relatively prime to 1, 

g(2) = 1 since 1 is relatively prime to 2, 

(3) = 2 since 1 and 2 are relatively prime to 3, 

(4) = 2 since 1 and 3 are relatively prime to 4, 

(5) = 4 “ 1,2,3, 4 are relatively prime to 5, 

(6) = 2 t6 1, 5 té té té té 6, 

(7) = 6 “ 1, 2, 3, 4, 5, 6 are relatively prime to 7, 

(8) = 4 s 1,3,5,7 z é éé éi 8, 

(9) = 6 “ 1245,7,8 “ “ “« “g 
(10) =4 “ 13, 7,9 “ T ‘6 “ 10, 
ete. 


We observe that (p) = p — 1 if p is a prime; for a prime p has no 
divisors other than itself and 1, and hence it is relatively prime to all 
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of the integers 1, 2, 3,.--,p — 1. If n is composite, with prime 
decomposition 
n = pipir ee Dr’, 


where the p’s represent distinct primes, each raised to a certain power, 
then 


e(n) = a(i- 2). (, 1) 4-2). 
For example, since 12 = 5 
g(12) = 1201 — 43). — $) = 1249) (%) = 4, 
asitshould be. The proof is quite elementary, but will be omitted here. 


* Exercise: Using Euler's ¢ function, generalize Fermat's theorem of p age e 37. 


F, ia 
The general theorem states: // n is any integer, and a is relatively prime to n, then 


avis) =l (mod r), 
4. Continued Fractions. Diophantine Equations 


The Euclidean algorithm for finding the greatest common divisor of 
two integers leads immediately to an important method for representing 
the quotient of two integers as a composite fraction. 

Applied to the numbers 840 and 611, for example, the Euclidean 
algorithm yields the series of equations, 


840 = 1.611 + 229, 611 = 2.229 + 153, 
229 = 1.153 + 76, 153 = 2.76 + 1, 


which show, incidentally, that (840, 611) = 1. From these equations 
we may derive the following expressions: 


ai T + ei ~ + erm 
m9 = 2+ 995 AE 
i337 + gg 71+ aa’ 
75 72+ 4 
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On combining these equations we obtain the development of the rational 


number 840 in the form 








611 
a0, 1 
611 l 
2+ i 
1 + 
244. 
i 
An expression of the form 
1 
(7) a = h + 
a; + l 
at 
+ i 
Qn 


where the a's are positive integers, is called a continued fraction. The 
Euclidean algorithm gives us a method for expressing any rational 
number in this form. 


Erzercise: Find the continued fraction developments of 


2 43 169 
5’ 30’ 70° 
* Continued fractions are of great importance in the branch of higher arith- 

metic known as Diophantine analysis. A Diophantine equation is an alge- 
braic equation in one or more unknowns with integer coefficients, for which integer 
solutions are sought. Such an equation may have no solutions, a finite number, 
or an infinite number of solutions. The simplest case is the linear Diophantine 
equation in two unknowna, 


(8) az -+ by = ç, 


where a, b, and ¢ are given integers, and integer solutions z, y are desired, The 
complete solution of an equation of this form may be found by the Euclidean 
algorithm. 

To begin with, let us find d = (a, b) by the Euclidean algorithm; then for 
proper choice of the integers k and I, 


(9) ak + bl = d, 


Hence the equation (8) has the particular solution z = k, y = l for the case c = d, 
More generally, if c is any multiple of d: 


C = d-q, 
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then irom (9) we obtain 

a(kq) + b(lg) = dg = c, 
so that (8) has the particular solution z = 2* = kg, y = y* = lg. Conversely, 
if (8) has any solution z, y for a given c, then c must be a multiple of d = (a, b); 
for d divides both a and b, and hence must divide ce. We have therefore proved 
that the equation (8) has a solution if and only if c is a multiple of (a, b). 

To determine the other solutions of (8) we observe that if z = zr’, y = y’ is 
any solution other than the one, z = z*, y = y*, found above by the Euclidean 
algorithm, then z = 2’ — 2*, y = y' — y" is a solution of the ‘homogeneous’ 
equation 
(10) ar + by = 0. 

For if 
az’ + by’ mc and az* + by* = c, 
then on subtracting the second equation from the first we find that 
a(z’ — r*) + by’ — y*) = 0. 
Now the most general solution of the equation (10) is z = rb/(a, b), y = —ra/(a, b), 
where r is any integer. (We leave the proof as an exercise. Hint: Divide by 
(a, b) and use the Exercise on page 48.) It follows immediately that 
z = T* -+ rb/(a, b), y= y* — ra/(a, d). 


To summarize: The linear Diophantine equation az + by = c, where a, b, 
and c are integers, has a solution in integers if and only if ¢ is a multiple of (a, b). 
In the latter case, a particular solution z = zr*, y = y* may be found by the 
Euclidean algorithm, and the most general solution is of the form 

r= r* + rb/(a, b), y = y* — ra/(a, b), 
where r is any integer. 

Examples: The equation 37 -+ 6y = 22 has no integral solution, since (3, 6) = 3, 
which does not divide 22. 

The equation 7z + 1ly = 13 has the particular solution z = —39, y = 26, 
found as follows: 

ll = 1:7 + 4, 7 = 1:4 + 8, 4=1:3 + 1, (7,11) = 1. 
l=4-3=4- (7 — 4) = 2:4 — 7 = 2(11 — 7) —7 = 2-11 — 3-7. 

Hence 

7-(-3) +11@) =1, 

7-(—39) + 11(26) = 13. 
The other solutions are given by 

r= —39 + lir, y = 26 — Tr, 

where r is any integer, 

Exercise: Solve the Diophantine equations (a) 3z — 4y = 29. (b)llz + 12y = 58. 
(c) 153r — 34y = 51, 


CHAPTER II 
THE NUMBER SYSTEM OF MATHEMATICS 


INTRODUCTION 


We must greatly extend the original concept of number as natural 
number in order to create an instrument powerful enough for the needs 
of practice and theory. In a long and hesitant evolution zero, negative 
integers, and fractions were gradually accepted on the same footing 
as the positive integers, and today the rules of operation with these 
numbers are mastered by the average school child. But to gain com- 
plete freedom in algebraic operations we must go further by including 
irrational and complex quantities in the number concept. Although 
these extensions of the concept of natural number have been in use for 
centuries and are at the basis of all modern mathematics it is only in 
recent times that they have been put on a logically sound basis. In 
the present chapter we shall give an account of this development. 


§1. THE RATIONAL NUMBERS 


1. Rational Numbers as a Device for Measuring 


The integers are abstractions from the process of counting finite 
collections of objects. But in daily life we need not only to count indi- 
vidual objects, but also to measure quantities such as length, area, 
weight, and time. If we want to operate freely with the measures of 
these quantities, which are capable of arbitrarily fine subdivision, it 
ig neccessary to extend the realm of arithmetic beyond the integers. 
The first step is to reduce the problem of measuring to the problem of 
counting. First we select, quite arbitrarily, a unit of measurement — 
foot, vard, inch, pound, gram, or second as the case may be--to which 
we assign the measure 1. Then we count the number of these units 
which together make up the quantity to be measured. A given mass 
of lead may weigh exactly 54 pounds. In general, however, the process 
of counting units will not “come out cven,” and the given quantity will 
not be exactly measurable in terms of integral multiples of the chosen 
unit. The most we can say is that it lies between two successive mul- 
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tiples of this unit, say between 53 and 54 pounds. When this occurs, 
we take a further step by introducing new sub-units, obtained by sub- 
dividing the original unit into a number n of equal parts. In ordinary 
language, these new sub-units may have special names; for example, the 
foot is divided into 12 inches, the meter into 100 centimeters, the pound 
into 16 ounces, the hour into 60 minutes, the minute into 60 seconds, 
etc. In the symbolism of mathematics, however, a sub-unit obtained 
by dividing the original unit 1 into n equal parts is denoted by the 
symbol 1/n; and if a given quantity contains exactly m of these sub- 
units, its measure is denoted by the symbol m/n. This symbol is 
called a fraction or ratio (sometimes written m:n). The next and de- 
cisive step was consciously taken only after centuries of groping effort: 
the symbol m/n was divested of its concrete reference to the process of 
measuring and the quantities measured, and instead considered as a 
pure number, an entity in itself, on the same footing with the natural 
numbers. When m and n are natural numbers, the symbol m/n is 
called a rational number. 

The use of the word number (originally meaning natural number only) 
for these new symbols is justified by the fact that addition and multi- 
plication of these symbols obey the same laws that govern the operations 
with natural numbers. Toshow this, addition, multiplication, and equal- 
ity of rational numbers must first be defined. As everyone knows, 
these definitions are: 





a,c lath ac œ 
b d bd’ b d bd’ 
(1) 
a a C. 
al z 7 gil ad = be, 
for any integers a, b, c, d. For example: 

2,4 2543-4 1G+12_ 22 24 24 8 
3 5 8-5 — 15 15’ 375 3.5 Ip 
| 8 _6_2 
3 , 12 9 3 


Precisely these definitions are forced upon us if we wish to use the ra- 
tional numbers as measures for lengths, areas, etc. But strictly speak- 
ing, these rules for the addition, multiplication, and equality of our 
symbols are established by our own definition and are not imposed upon 
us by any prior necessity other than that of consistency and usefulness 
for applications. On the basis of the definitions (1) we can show that 
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the fundamental laws of the arithmetic of natural numbers continue to hold 
in the domain of rational numbers: 


eee e wa ay F 


p+q=qt+p (commutative law of addition), 
p+ (q +r)=(p+qg)+r (associative law of addition), 
(2) Pq = qp (commutative law of multiplication), 
plar) = (pg)r (associative law of multiplication), 


pla + r) = pg + pr (distributive law). 


For example, the proof of the commutative law of addition for fractions is 
exhibited by the equations 
c ad+be chb+da c a 


Fa ed ae at 


a 

b 
of which the first and last equality signs correspond to the definition (1) 
of addition, while the middle one is a consequence of the commutative 
laws of addition and multiplication of natural numbers. The reader may 
verify the other four laws in the same way. 

For a real understanding of these facts it must be emphasized once 
more that the rational numbers are our own creations, and that the rules 
(1) are imposed at our volition. We might whimsically decree some 
a+c 
b +d’ 
yield 4 + 4 = 2/4, an absurd result from the point of view of measuring. 
Rules of this type, though logically permissible, would make the arith- 
metic of our symbols a meaningless game. The free play of the intellect 
is guided here by the necessity of creating a suitable instrument for 
handling measurements. 


other rule for addition, such as > + S = which in particular would 


2. Intrinsic Need for the Rational Numbers. Principle of Generalization 


Aside from the “practical” reason for the introduction of rational nuni- 
bers, there is a more intrinsic and in some ways an cven more compelling 
one, which we shall now discuss quite independently of the preceding 
argument. It is of an entirely arithmetical character, and is typical of 
a dominant tendency in mathematical procedure. 

In the ordinary arithmetic of natural numbers we can always carry 
out the two fundamental operations, addition and multiplication. 
But the ‘‘inverse operations” of subtraction and diviston are not always 
possible. The difference b — a of two integers a, b is the integer c 
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such that a + c = b, i.e. it is the solution of the equation a + z = b. 
But in the domain of natural numbers the symbol b — a has a meaning 
only under the restriction b > a, for only then does the equation a + z = 
b have a natural number z as a solution. It was a very great step 
towards removing this restriction when the symbol 0 was introduced by 
setting a — a = 0. It was of even greater importance when, through 
the introduction of the symbols —1, —2, —3, --- , together with the 
definition 


b—a= —(a — dD) 


for the case b < a, it was assured that subtraction could be performed 
without restriction tn the domain of positive and negative integers. To 
include the new symbols —1, —2, —3, --- in an enlarged arithmetic 
which embraces both positive and negative integers we must, of 
course, define operations with them in such a way that the original rules 
of arithmetical operations are preserved. For example, the rule 


(3) (=) 1) = 1, 

which we set up to govern the multiplication of negative integers, is a 
consequence of our desire to preserve the distributive law a(b + c) = 
ab + ac. For if we had ruled that (—1)(—1) = —1, then, on setting 
a = —1,b = 1,c = —1, weshould have had -—1(1 — 1) = —1 — 1 = 
— 2, while on the other hand we actually have —1(1 — 1) = —1-0=0. 
It took a long time for mathematicians to realize that the “rule of signs” 
(3), together with all the other definitions governing negative integers 
and fractions cannot be “proved.” They are created by us in order to 
attain freedom of operation while preserving the fundamental laws of 
arithmetic. What can—and must—be proved is only that on the basis 
of these definitions the commutative, associative, and distributive laws 
of arithmetic are preserved. Even the great Euler resorted to a thor- 
oughly unconvincing argument to show that (—1)(—1) “must” be 
equal to +1. For, as he reasoned, it must either be +1 or —1, and 
cannot be —1, since —1 = (+1)(-1). 

Just as the introduction of the negative integers and zero clears the 
way for unrestricted subtraction, so the introduction of fractional num- 
bers removes the analogous arithmetical obstacle to division. The 
quotient z = b/a of two integers a and b, defined by the equation 


(4) ax = b, 


exists as an integer only if ais afactor of b. If this is not the case, as for 
exame when a = 2, b = 3, we simply introduce a new symbol b/a, 
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which we call a fraction, subject to the rule that a(b/a) = a, so that 
b/a is a solution of (4) “by definition.” The invention of the fractions 
as new number symbols makes division possible without restriction— 
except for division by zero, which is excluded once for all. 

Expressions like 1/0, 3 /0, 0/0, etc. will be for us meaningless symbols. 
For if division by 0 were permitted, we eould deduee from the true equa- 
tion 0-1 = 0.2 the absurd consequence 1 = 2. It is, however, some- 
times useful to denote such expressions by the symbol (read, “‘infin- 
ity’’), provided that one does not attempt to operate with the symbol ~ as 
though tt were subject to the ordinary rules of calculation with numbers. 

The purely arithmetical significance of the system of all rational 
numbers—integers and fractions, positive and negative—is now appar- 
ent. For in this extended number domain not only do the formal asso- 
ciative, commutative, and distributive laws hold, but the equations 
a+ z = band az = b now have solutions, z = b — a and z = b/a, without 
restriction, provided in the latter case that a = 0. In other words, in 
the domain of rational numbers the so-called rational operations—addi- 
tion, subtraetion, multiplication, and division—may be performed 
without restrietion and will never lead out of this domain. Sueh a 
elosed domain of numbers is ealled a field. We shall meet with other 
examples of fields later in this ehapter and in Chapter ITI. 

Extending a domain by introdueing new symbols in sueh a way 
that the laws whieh hold in the original domain continue to hold in the 
larger domain is one aspeet of the characteristic mathematical process 
of generalization. The generalization from the natural to the rational 
numbers satisfies both the theoretieal need for removing the restrietions 
on subtraction and division, and the practical need for numbers to 
express the results of measurement. It is the fact that the rational 
numbers fill this two-fold need that gives them their true significance. 
As we have seen, this extension of the number coneept was made possible 
by the creation of new numbers in the form of abstract symbols like 
0, —2, and 3/4. Today, when we deal with sueh numbers as a matter 
of eourse, it is hard to believe that as late as the seventeenth eentury 
they were not generally eredited with the same legitimacy as the posi- 
tive integers, and that they were used, when necessary, with a certain 
amount of doubt and trepidation. The inherent human tendency to 
cling to the “concrete,” as exemplified by the natural numbers, was 
responsible for this slowness in taking an inevitable step. Only in the 
realm of the abstraet ean a satisfactory system of arithmetic be ereated. 
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3. Geometrical Interpretation of Rational Numbers 


An illuminating geometrieal interpretation of the rational number 
system is given by the following eonstruetion. 

On a straight line, the “number axis,” we mark off a segment 0 to 1, 
as in Fig. 8. This establishes the length of the segment from 0 to 1 
as the unit length, whieh we may ehoose at will. The positive and 


nerative integers aro then represented ac n eat af araridictant nninte an 
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the number axis, the positive numbers to the right of the point 0 and the 


SE En ee 
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Fig. 8. The number azis. 


negative numbers to the left. To represent fraetions with the denomina- 
tor n, we divide each of the segments of unit length into n equal parts; 
the points of subdivision then represent the fraetions with denominator 
n. If we do this for every integer n, then all the rational numbers will 
be represented by points of the number axis. We shall eall sueh points 
rational points, and we shall use the terms “rationa) number” and “Ta- 
tional point” interehangeably. 

In Chapter I, §1, we defined the relation A < B for natural number. 
This has its analog on the number axis in the fact that if natural number 
A is less than natural number B, then point A lies to the left of point B. 
Since the geometrical relation holds between all rational points, we arc 
led to try to extend the arithinetieal relation in such a way as to preserve 
the relative geometrieal order of the eorresponding points. This is 
achieved by the following definition: The rational number A is said to be 
less than the rational number B (A < B), and B is said to be greater than 
A (B > A), if B — A is positive. It then follows that, if A < B, the 
points (numbers) between A and B are those which are both >A and <B. 
Any such pair of distinet points, together with the points between 
them, is ealled a segment, or interval, [A, B]. 

The distance of a point, A, from the origin, eonsidered as positive, 
is called the absolute value of A and is indicated by the symbol 


| Al. 


In words, if A > 0, we have| A| = A;if A < 0, we have | A| = — A. 
It is elear that if 4 and B have the same sign, the equation | A + B| 
= | A| + | B| holds, while if A and B have different signs, we have 
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|A + B| <|A|+ |B. Hence, combining these two statements, 
we have the general inequality 


|A+ Bl < [4] +] Bl, 


whieh is valid irrespeetive of the signs of A and B. 

A faet of fundamental importanee is expressed in the statement: The 
rational points are dense on the line. By this we mean that within each 
interval, no matter how small, there are rational points. We need only 
take a denominator n large enough so that the interval [0, 1/n] is smaller 
than the interval [A, B] in question; then at least one of the fractions 
m/n must lie within the interval. Henee there is no interval on the line, 
however small, whieh is free from rational points. It follows, moreover, 
that there must be infinitely many rational points in any interval; for, 
if there were only a finite number, the interval between any two adjaeent 
rational points would be devoid of rational points, which we have just 
seen to be impossible. 


§2. INCOMMENSURABLE SEGMENTS, IRRATIONAL 
NUMBERS, AND THE CONCEPT OF LIMIT 


1. Introduction 


In comparing the magnitudes of two line segments a and b, it may 
happen that a is contained in b an exaet integral number r of times. 
In this case we ean express the measure of the segment b in terms of that 
of a by saying that the length of b is r times that of a. Or it may turn 
out that while no integral multiple of a equals b, we ean divide a into, 
say, n equal segments, each of length a/n, sueh that some integral multi- 
ple m of the segment a/n is equal to b: 

m 
(1) b= no 


When an equation of the form (1) holds we say that the two segments 
a and b are commensurable, since they have as a common measure the 
segment a/n whieh goes n times into a and m times into b. The totality 





tz if -i o $ l 4 £ a 
Fig. 9. Rational pointe. 


of all segments commensurable with a will be those whose length can be 
expressed in the form (1) for some ehoice of integers m and n (n = 0). 
If we choose a as the unit segment, [0, 1], in Figure 9, then the segments 
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commensurable with the unit segment will correspond to all the ra- 
tional points m/n on the number axis. For all practical purposes of 
measuring, the rational numbers are entirely sufficient. Even from a 
theoretical viewpoint, since the set of rational points covers the line 
densely, it might seem that all points on the line are rational points. 
If this were true, then any segment would be commensurable with the 
unit. It was one of the most surprising discoveries of early Greek mathe- 
matics (the Pythagorean school) that the situation is by no means so 
simple. There exist incommensurable segments or, if we assume that to 
every segment corresponds a number giving its length in terms of the 
unit, trrattonal numbers. This revelation was a scientific event of the 
highest importance. Quite possibly it marked the origin of what we 
eonsider to be the specifically Greek contribution to rigorous procedure 
in mathematics. Certainly it has profoundly affected mathematics 
and philosophy from the time of the Greeks to the present day. 

Eudoxus’ theory of incoimmensurables, presented in geometrical form in 
Euclid’s Klements, is a masterpiece of Greek mathematics, though it is 
usually omitted fron the diluted high-school versions of this classical 
work. The theory beeame fully appreciated only in the late nine- 
teenth century, after Dedekind, Cantor, and Weierstrass had constructcd 
a rigorous theory of irrational numbers. We shall present the theory 
in the modern arithmetical way. 

First we show: The diagonal of a square is incommensurable with its 
side. We may suppose that the side of the given square is chosen as 
the unit of length, and that the diagonal has the length z. ‘Then, by 
the Pythagorean theorem, we have 


rt =] +l’ =2. 


(We may denote z by the symbol +/2.) Now if z were commensurable 
with 1, we could find two integers p and q such that z = p/q and 

(2) p = 2. 

We may suppose that p/q is already in lowest terms, since any common 
factor in numerator and denominator could be cancelled out at the begin- 
ning. Since 2 appears as a factor of the right side, p° is an even number, 
and hence p itself is even, because the square of an odd number is odd. 
We may therefore write p = 2r. Equation (2) then becomes 


Since 2 ia a factor of the left side, q, and hence q must also be even. 
Thus p and çq are both divisible by 2, which contradicts the assumption 
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that p and g had no eommon faetor. Therefore, equation (2) eannot 
hold, and z eannot be a rational number. 

Our result ean be expressed by the statement that there is no rational 
number equal to ~/2. 

The argument of the preceding paragraph shows that a very simple 
geometrical construction may result in a segment incommensurable with 
the unit. If such a segment is marked off on the number axis by means 
of a compass, the point so eonstrueted eannot eoincide with any of the 


0 l1 v2 


Fig. 10. Construction of 4/2. 


rational points: The system of rational points, although it is everywhere 
dense, does not cover all of the number axis. To the naive mind it must 
eertainly appear very strange and paradoxical that the dense set of ra- 
tional points does not cover the whole line. Nothing in our “intuition” 
ean help us to ‘‘see” the irrational points as distinct from the rational 
ones. No wonder that the diseovery of the ineommensurable stirred 
the Greek philosophers and mathematicians, and that it has retained 
even today its provocative effect on thoughtful minds, 

It would be very easy to construct as many segments inecommensurable 
with the unit as we want. The end-points of such segments, if marked 
off from the point 0 on the number axis, are ealled irrational points. 
Now, the guiding prineiple in introducing fraetions was the measuring 
of lengths by numbers, and we should like to maintain this principle in 
dealing with segments incommensurable with the unit. If we demand 
that there should be a mutual correspondence between numbers on the one 
hand and potnis of a straight line on the other, it is necessary to introduce 
irrational numbers. 

Summarizing the situation thus far we may say that an irrational 
number represents the length of a segment ineommensurable with the 
unit. In the following seetions we shall refine this somewhat vague and 
entirely geometrical definition, until we arrive at one more satisfactory 
from the point of view of logieal rigor. Our first approaeh to the sub- 
jeet will be by way of the deeimal fraetions. 


Exzerctsea: 1) Prove that ~/2, V3, “5, ~/3 are not rational. (Hint: Use the 
lemma of p. 47). _ - 
2) Prove that V2 + V3 and V2 + 7/2 are not rational. (Hint: If eg. the 
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firat of these numbers were equal to a rational number r then, writing 
V3 = r — v2 and squaring, 4/2 would be rational.) 

3) Prove that 4/2 + 4/3 + +/Sisirrational. Try tomake up similar and more 
general examples. 


2. Decimal Fractions. Infinite Decimals 


In order to eover the number axis with a set of points everywhere 
dense, we do not need the totality of all rational numbers; for example, 
it suffiees to eonsider only those numbers whieh originate by subdivision 
of eaeh unit interval into 10, then 100, 1000, ete. equal segments. The 
points so obtained correspond to the ‘“‘deeimal fraetions.” For example, 
the point 0.12 = 1/10 + 2/100 corresponds to the point lying in the 
first unit interval, in the seeond subinterval of length 10, and at the 
initial point of the third “sub-sub-’ interval of length 10”. (a™™ 
means 1/a”.) Sueh a decimal fraction, if it eontains n digits after the 
deeimal point, has the form 


f =z + 4107 + al” + al + --- + a,10", 


where z is an integer and the a’s are digits—0, 1, 2, --- , 9 indieating 
the tenths, hundredths and so on. The number f is represented in the 
decimal system by the abbreviated symbol z.a,a:a3 --- Ga. We see 
immediately that these deeimal fraetions ean be written in the ordinary 
form of a fraetion p/q where g = 10°; for example, f = 1.314 = 1 + 
3/10 + 1/100 + 4/1000 = 1314/1000. If p and q have a eommon 
divisor, the deeimal fraetion may then be redueed to a fraetion with a 
denominator which is some divisor of 10". On the other hand, no frae- 
tion in lowest terms whose denominator is not a divisor of some power of 


10 ean be epee as a decimal fraetion. For example, 55 a = 
4 , . 
0.2, and — = 7000 ~ 0.004; but 4 eannot be written as a deeimal 


fraetion with a finite number n of deeimal plaees, however great n be 
ehosen, for an equation of the form 


4 = 5/10" 
would imply 
10” = 3b, 


whieh is absurd, sinee 3 is not a faetor of any power of 10. 

Now let us ehoose any point P on the number axis whieh does not 
eorrespond to a decimal fraetion; e.g. the rational point 4 or the irra- 
tional point +/2. Then in the process of subdividing the unit interval 
into ten equal parts, and so on, P will never oeeur as the initial point 
of a subinterval. Still, P ean be ineluded within smaller and smaller 
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intervals of the deeimal division with any desired degree of approxi- 
mation. This approximation proeess may be deseribed as follows. 
Suppose that P lies in the first unit interval. We subdivide this 
interval into 10 equal parts, each of length 107’, and find, say, that P 
lies in the third sueh interval. At this stage we ean say that P lies 
between the deeimal fractions 0.2 and 0.3. We subdivide the interval 
from 0.2 to 0.3 into 10 equal parts, each of length 10°, and find that P 
lies, say, in the fourth sueh interval. Subdividing this in turn, we find 
that P lies in the first interval of length 10°. We ean now say that P 
lies between 0.230 and 0.231. This proeess ean be eontinued indefinitely, 
and leads to an unending sequenee of digits, a: , dz, Gs, *:* ,Qn,°°°, 
with the following property: whatever number n we ehoose, the point P 
is ineluded in the interval J, whose left-hand end-point is the deeimal 
fraction Q.a;@2@3 -+- G,-1@, and whose right-hand end-point is 
O.a;G203 +++ An-1(@, + 1), the length of J, being 1077”. If we choose in 
sueeession n = 1, 2, 3, 4, --. , we see that each of these intervals, 
IlL, Is, Is, +++, is contained in the preceding one, while their lengths, 
107, 107, 107%, ... , tend to zero. We say that the point P is eon- 
tained in a nested sequence of decimal intervals. For example, if P is 
the rational point $, then all the d digits Gy, Gz, Ggy,+++ are cqual to 3 uv, 
and P is contained in every interval J, which extends from 0.333 --- 33 
to 0.333 ... 34; ie, 4 is greater than 0.333 --- 33 but less than 
0.333 - -- 34, where the number of digits may be taken arbitrarily large. 
We express this fact by saying that the n-digit decimal fraction 0.333 
. 33 “tends to }” as n increases. We write 


4 = 0.333 --- , 
the dots indicating that the decimal fraction is to be extended “in- 
definitely.” 

The irrational point +/2 defined in Article 1 also leads to an in- 
definitely extcnded decimal fraction. Here, however, the law which 
determincs the values of the digits in the sequence is by no means ob- 
vious. In fact, no explicit formula that determines the successive 
digits is known, although one may calculate as many digits as desired: 

=1<2<7=4 
(1.47 = 1.96 < 2 < (1.5)? = 2.25 
(1.41f = 1.9881 < 2 < (1.427 = 2,0264 
(1.414) = 1.999396 < 2 < (1.415)? = 2.002225 


(1.4142) = 1.99996164 < 2 < (1.4143 = 2.00024449, ete. 
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As a general definition we say that a point P that is not represented 
by any decimal fraction with a finite number n of digits is represented 


by the infinite decimal fraction, 2.a,a2a3 --- , if for every value of n the 
point P lies in the interval of length 10 ” with z.a,qgay - - - a, as its initial 
point. 


In this manner there is established a correspondence between all the 
points on the number axis and all the finite and infinite decimal fractions 
We offer the tentative definition: a “number” is a finite or infinite deci- 
mal. Those infinite decimals which do not represent rational numbers 
are called irrational numbers. 

Until the middle of the nineteenth century these considerations were 
accepted as a satisfactory explanation of the system of rational and 
irrational numbers, the continuum of numbers, The enormous advance 
of mathematics since the seventeenth century, in particular the de- 
velopment of analytic geometry and of the differential and integral 
calculus, proceeded safely with this concept of the number system as a 
basis. But during the period of critical re-examination of principles 
and consolidation of results, it was felt more and more that the concept 
of irrational number required a more precise analysis. Asa preliminary 
to our account of the modern theory of the number continuum we shall 
discuss in a more or less intuitive fashion the basie concept of limit. 


Ezercise: Calculate ~/2 and ~/5 with an accuracy of at least 10-73, 


3. Limits. Infinite Geometrical Series 


As we saw in the preceding section, it sometimes happens that a 
certain rational number s is approximated by a sequence of other rational 
numbers s„,, where the index n assumes consecutively all the values 
1, 2,3, +... For example, if s = 1/3, then sı = 0.3, s = 0.33, sı = 
0.333, etc. As another example, let us divide the unit interval into two 
halves, the second half again into two equal parts, the second of these 
again into two equal parts, and so forth, until the smallest intervals thus 
obtained have the length 2", where nis chosen arbitrarily large, e.g. n = 
100, n = 100,000, or any number we please. Then by adding together 
all the intervals except the very last one we obtain a total length 
equal to 


1 1 1 1 1 

(3) S=atiotstae tHe: 
2 4 8 16 2° 

We see that s, differs from 1 by (4)”, and that this difference becomes ar- 

bitrarily small, or ‘‘tends to zero” as n increases indefinitely. It makes no 
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sense to say that the difference zs zero if n zs infinite. The infinite enters 
only in the unending procedure. and not as an actual quantity. We 
describe the behavior of s, by saying that the sum s, approaches the 
limit 1 as n tends to infinity, and by writing 

1 1 1 1 
(4) l=statgatat: 
where on the right we have an infinite series. This “equation” does 
not mean that we actually have to add infinitely many terms; it is only 
an abbreviated expression for the fact that 1 is the limit of the finite 
sum s, as n tends to infinity (by no means és infinity). Thus equation 
(4) with its incomplete symbol “+ ---’’ is merely mathematical short- 
hand for the precise statement 


1 = the limit as n tends to infinity of the quantity 
1 
2" 


In an even more abbreviated but expressive form we write 


1 1 
(5) f= _o to tom tc + 


(6) Sa > lasn— o, 


As another example of limit, we consider the powers of a number g. 
If —1 <q < 1,eg.q = 1/3 org = —4/5, then the successive powers 
of q, 

2 3 4 n 
99,909,929, ***,; Q; *%** » 
will approach zero as n increases. If g is negative, the sign of g” will 
alternate from + to —, and q” will tend to zero from alternate sides 
Thus if q = 1/3, then ¢@ = 1/9, g* = 1/27, ¢* = 1/81, --- , while if g = 
—1/2, then g = 1/4, g = —1/8, g‘ = 1/16, ---. We say that the 
pmit of q>, as n tends to infinity, ts zero, or, in symbols, 


(7) g —~Oasn— ow, for -—1 <q < 1. 


(Incidentally, if g > 1 org < —1 then g” does not tend to zero, but in- 
creases in magnitude without limit.) 

To give a rigorous proof of the assertion (7) we start with the inequal- 
ity proved on page 15, which states that (1 + p)” > 1 + np for any 
positive integer n and p > —1. If qis any fixed number between 0 and 
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or (see rule 4, p. 322) 


o<gr<i.!}, 
p n 


q” is therefore included between the fixed bound 0 and the bound 
(1/p)(1/n) which approaches zero as n increases, since p is fixed. This 
makes it evident that g”—> 0. If ç is negative, we have g = —1/(1 + p) 
and the bounds become (—1/p)(1/n) and (1/p)({1/n) instead of 0 
and (1/p)(1/n). Otherwise the reasoning remains unchanged. 


We now consider the geometrical series 
(8) S=ltqtytet--- +e. 
(The case g = 1/2 was discussed above.) As shown on page 13, we 
can express the sum s, in a simple and concise form. If we multiply 
Sx by q, we find 
(8a) G=grgt tg t--- +4, 
and by subtraction of (8a) from (8) we see that all terms except 1 and 


ntl 


q cancel out. We obtain by tlis device 


f1 — 
ie 


or, by division, 





The concept of limit comes into play if we let n increase. As we have 
n+l 


seen, g” = q - q” tends to zero if —1 < q < 1, and we obtain the 
limiting relation 

(9) s> p asn o forl <q <1. 

Written as an infinite geometrical series this becomes 

(10) Late tg te = poe, for-1<¢<. 


1 


1 1 1 
l+ otatet:: -j-47% 
in agreenient with equation (4), and similarly 
9 9 9 9 9 1 
io’ jet io Tint’ ~ioT—if0~ ” 
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so that 0.99999 --- = 1. Similarly, the finite decimal 0.2374 and the 
infinite decimal 0.23739999999 - -- represent the same number. 

In Chapter VI we shall resume the general discussion of the limit 
concept in the modern spirit of rigor, 


Exercises: 1) Prove that 1 — g + g? — gat gt— , if | q| <I. 


leg a 

2) What is the limit of the sequence a,a:,43, ++- , where a, = n/(n + 1)? 
(Hint: Write the expression in the form n/({n + 1) = 1 — 1/(n + 1) and observe 
that the second term tends to zero.) 


3) What is the limit of ar forn— æ? (Hint: Write the expression 
in the form 
l l 
14-4 -a 
n n ) 
1 17 
l—-- -4 — 
n m 
1 
4) Prove, for | q | < 1, that 1 + 2¢ + 3g? + 4g? + ++) = ———., (Hint: 


O — g) 
Use the result of exercise 3 on p, 18.) 
5) What is the limit of the infinite series 


1 — 2g + 3g? — 4g? +--+? 
P+24+¢3terr +n pt tt en 
n? © n? 


? (Hint: Use the results of pp. 12, 14, 15.) 


6) What is the limit of 
LHZ + e+ 


ni 


, and of 


4. Rational Numbers and Periodic Decimals 


Those rational numbers p/g which are not finite decimal fractions can 
be expanded into infinite decimal fractions by performing the elementary 
process of long division. At each stage in this process there must be a 
non-zero remainder, for otherwise the decimal fraction would be finite. 
All the different remainders that arise in the process of division will be 
integers between | and g—1, so that there are at most g— 1 different possi- 
bilities for the values of the remainders. This means that within at 
most g divisions some remainder & will turn up for a second time. But 
then all subsequent remainders will repeat in the same order in which 
they appeared after the remainder & first appeared. This shows that 
the decimal expression for any rational number ts periodic; after some finite 
set of digits has appeared initially, the same digit or group of digits will 
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repeat itself infinitely often. For example, 1/6 = 0.166666666 --.- ; 
1/7 = 0.142857142857142857 .-- :1/11 = 0.09090909 . . - ; 122/1100 = 
0.1109090909 ..- ; 11/90 = 0.122222222 -.. ; etc. (Those rational 
numbers which can be represented as finite decimal fractions may be 
thought of as having periodic decimal expansions with the figure 0 
repeating itself infinitely often after a finite number of digits.) We see, 
incidentally, that some of these periodic decimals have a non-periodic 
head before the periodic tail begins. 

Conversely, it may be shown that all periodic decimals are rational 
numbers. As an example, let us take the infinite periodic decimal 


p = 0.3322222 ... 


We have p = 33/100 + 10°2(1 + 107 + 10° + ---). The expression 
in parentheses is the infinite geometrical series 
— -2 ~3 1 _ 10 
1+ 10° +10° + 10° +... ii 3° 
Hence 

210 _ 2970 + 20 _ 2990 _ 299 


=. 2. aA eh 
p o t I0 g 9.10 9000 900 


The proof in the general case is essentially the same, but requires a 
more general notation. In the general periodic decimal 
p = 0.a)Q203 --- Amdibe <- bnbibo ++ Dabibe «++ Da ee: 
we set 0.b,b. --- ba = B, so that B represents the periodic part of the 
decimal. Then p becomes 
p = O.aid, >- On + 10°"B(L + 10°" + 107" + 10 ....), 


The expression in parentheses is an infinite geometrical series with 
= 10°". Its sum, according to equation (10) of the previous article, 
is 1/(1 — 10”), and therefore 


10 "B 
= O.a eee Om — , 
p 182 + i—10— 
11 2 3 1 2 . . 
Exercises: 1) Expand the fractions —, —, —, ~z, ~z, ~~ into decimal fractions 


11’ 13’ 13' 13’ 17° 17 
and determine the period. 

*2) The number 142,857 has the property that multiplication with any one of 
the numbers 2, 3, 4, 5, or 6 produces only a cyclic permutation of its digits. Ex- 
plain this property, using the expansion of 4 into a decimal fraction. 

3) Expand the rational numbers of exercise 1 as ‘‘decimals’’ with bases 5, 7. 
and 12. 

4) Expand one-third as a dyadic number. 
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5) Write .11212121 +- as a fraction. Find the value of this symbol if it is 
meant in the systems with the bases 3 or 5. 


5. General Definition of Irrational Numbers by Nested Intervals 


On page 63 we adopted the tentative definition: a “number” is a 
finite or infinite decimal. We agreed that those infinite decimals which 
do not represent rational numbers should be called irrational numbers. 
On the basis of the results of the preceding section we may now formu- 
late this definition as follows: the continuum of numbers, or real number 
system (“real’’ in contrast to the “imaginary” or “complex” numbers 
to be introduced in §5) 7s the totality of infinite decimals. (Finite decimals 
may be considered as a special case where all digits from a certain point 
on are zero, or one might just as well prescribe that, instead of taking a 
finite decimal the last digit of which is a, we write down an infinite decimal 
with a—1 in place of a, followed by an infinite number of digits all equal 
to9. This expresses the fact that .999 .-. = 1, according to Article 3.) 
The rational numbers are the periodic decimals; the irrational numbers 
are the non-periodic decimals. Even this definition does not seem 
entirely satisfactory; for, as we have seen in Chapter I, the decimal sys- 
tem is in no way singled out by the nature of things. We might just as 
well have gone through the reasoning with the dyadic or any other 
system. For this reason it is desirable to give a more general definition 
of the number continuum, detached from special reference to the base 
ten. Perhaps the simplest way to do this is the following: 

Let us consider any sequence Iı , Iz, ++- , In, ++. of intervals on the 
number axis with rational end-points, each of which is contained in the 
preceding one, and such that the length of the n-th interval 7, tends 
to zero as n increases. Such a sequence is called a sequence of nested 
intervals. In the case of decimal intervals the length of J, is 107” but 
it may just as well be 2 * or merely’restricted to the milder requirement 
thatit be less than 1/n. Now we formulate as a basic postulate of geom- 
etry: corresponding to each such sequence of nested intervals there is 
precisely one point on the number-azxts which is contained in all of them. 
(It is seen directly that there cannot be more than one point common 
to all the intervals, for the lengths of the intervals tend to zero, and two 
different points could not both be contained in any interval smaller than 
the distance between them.) This point is called by definition a real 
number; if it is not a rational point it is called an irrational number. 
By this definition we establish a perfect correspondence between points 
and numbers. It is nothing but a more general formulation of what was 
expressed by the definition using infinite decimals. 
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Here the reader may be troubled by an entirely legitimate doubt. 
What is this “point” on the number axis, which we assumed to belong 
to all the intervals of a nested sequence, in case it is not a rational point? 
Our answer is: the existence on the number axis (regarded as a line) 
of a point contained in every nested sequence of intervals with rational 
end-points is a fundamental postulate of geometry. No logical reduction 
of this postulate to other mathematical facts is required. We accept it, 
just as we accept other axioms or postulates in mathematics, because 
of its intuitive plausibility and its usefulness in building a consistent 
system of mathematical thought. From a purely formal point of view, 
we may start with a line made up only of rational points and then define 


Fig. 11. Nested intervala. Limita of sequences. 


an irrational point as just a symbol for a certain sequence of nested rational 
intervals. An irrational point is completely described by a sequence 
of nested rational intervals with lengths tending to zero. Hence our 
fundamental postulate really amounts to a definition. To make this 
definition after having been led to a sequence of nested rational intervals 
by an intuitive feeling that the irrational point “exists,” is to throw 
away the intuitive crutch with which our reasoning proceeded and to 
realize that all the mathematical properties of irrational points may be 
expressed as properties of nested sequences of rational intervals. 

We have here a typical instance of the philosophical position described 
in the introduction to this book; to discard the naive “realistic” approach 
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that regards a mathematical object as a “thing in itself” of which we 
humbly investigate the properties, and instead to realize that the only 
relevant existence of mathematical objects lies in their mathematical 
properties and in the relations by which they are interconnected. These 
relations and properties exhaust the possible aspects under which an 
object can enter the realm of mathematical activity. We give up the 
mathematical “thing in itself” as physics gave up the unobservable 
ether. This is the meaning of the ‘‘intrinsic” definition of an irrational 
number as a nested sequence of rational intervals. 

The mathematically important point here is that for these irrational 
numbers, defined as nested sequences of rational intervals, the operations 
of addition, multiplication, ete., and the relations of “less than” and 
“greater than,” are capable of immediate generalization from the field of 
rational numbers in such a way that all the laws which hold in the ra- 
tional number field are preserved. For example, the addition of two 
irrational numbers « and £ can be defined in terms of the two sequences 
of nested intervals defining a and 8 respectively. We construct a third 
sequence of nested intervals by adding the initial values and the end 
values of corresponding intervals of the two sequences. The new 
sequence of nested intervals defines a +- 8. Similarly, we may define the 
product af, the difference a — 8, and the quotient «/8. On the basis 
of these definitions the arithmetical laws discussed in §1 of this chapter 
can be shown to hold for irrational numbers also. The details are 
omitted here, 

The verification of these laws is simple and straightforward, though 
somewhat tedious for the beginner who is more anxious to learn what 
can be done with mathematics than to analyze its logical foundations, 
Some modern textbooks on mathematics repel many students by starting 
with a pedantieally complete analysis of the real number system. The 
reader who simply disregards these introductions may find comfort in 
the thought that until late in the nineteenth century all the great mathe- 
maticians made their discoveries on the basis of the “naive” con- 
cept of the number system supplied by their intuition. 

From a physical point of view, the definition of an irrational number 
by a sequence of nested intervals corresponds to the determination of the 
value of some observable quantity by a sequence of measurements of 
greater and greater accuracy. Any given operation for determining, 
say, a length, will have a practical meaning only within the limits of a 
certain possible error which measures the precision of the operation. 
Since the rational numbers are dense on the line, it is impossible to deter- 
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mine by any physical operation, however precise, whether a given length 
is rational or irrational. Thus it might seem that the irrational numbers 
are unnecessary for the adequate description of physical phenomena. 
But as we shall see more clearly in Chapter VI, the real advantage which 
the introduction of irrational numbers brings to the mathematical 
description of physical phenomena is that this description is enormously 
simplified by the free use of the limit concept, for which the number 
continuum is the basis. 


*§. Alternative Methods of Defining Irrational 
Numbers. Dedekind Cuts 


A somewhat different way of defining irrational numbers was chosen 
by Richard Dedekind (1831 -1916), one of the great pioneers in the logical 
and philosophical analysis of the foundations of mathematics. His 
essays, Steligkeit und irrationale Zahlen (1872) and Was sind und was 
sollen die Zahlen? (1887), exercised a profound influence on studies in 
the foundations of mathematics. Dedekind preferred to operate with 
general abstract ideas rather than with specific sequences of nested 
intervals. His procedure is based on the definition of a “cut,” which 
we shall describe briefly. 

Suppose there is given some method for dividing the set of all rational 
numbers into two classes, A and B, such that every element b of class B 
is greater than every element a of class A. Any classification of this 
sort is called a cut in the set of rational numbers. For a cut there are just 
three possibilities, one and only one of which must hold: 

1) There is a largest element a* of A. This is the case, for example, 

if A consists of all rational numbers < 1 and B of all rational num- 
bers > 1. 

2) There is a smallest element b* of B. This is the case, for example, 
if A consists of all rational numbers < 1 and B of all rational num- 
bers > 1. 

3) There ts neither a largest element in A nor a smallest element in B. 
This is the case, for example, if A consists of all negative rational 
numbers, 0, and all positive rational numbers with square less than 
2 and B of all rational numbers with square greater than 2, A 
and B together include all rational numbers, for we have proved 
that there is no rational number whose square is equal to 2. 

The case in which A has a largest element a* and B a smallest element 

b* is impossible, for then the rational number (a* +- b*)/2, which hes 
halfway between a* and b*, would be larger than the largest element of 
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A and smaller than the smallest element of B, and hence could belong 
to neither. 

In the third case, where there is neither a largest rational number in 
A nor 4 smallest rational number in B, the cut is said by Dedekind to 
define or simply to be an irrational number. It is easily seen that this 
definition is in agreement with the definition by nested intervals; any 
sequence I,, Ia, I4, --+ of nested intervals defines a cut if we place in 
the class A all those rational numbers which are exceeded by the left- 
hand end-point of at least one of the intervals 7, , and in B all other 
rational numbers. 


Philosophicalty, Dedekind’s definition of irrational numbers involves a rather 
high degree of abstraction, since it places no restrictions on the nature of the 
mathematical law which defines the two classes A and B. A more concrete 
method of defining the real number continuum is due to Georg Cantor (1845- 
1918). Although at first sight quite different from the method of nested intervals 
or of cuts, it is equivalent to either of them, in the sense that the number systems 
defined in these three ways have the same properties. Cantor's idea was sug- 
gested by the facts that 1) real numbers may be regarded as infinite decimals, 
and 2) infinite decimals are limits of finite decimal fractions. Freeing ourselves 
from dependence on the decimal system, we may state with Cantor that any 
sequence a), @1, G3, :** of rational numbers defines a real number if it ‘‘con- 
verges.” Convergence ig understood to mean that the difference (an — Gn) 
between any two members of the sequence tends to zero when a, and a, are suffi- 
ciently far out in the sequence, i.e. as m and n tend to infinity. (The successive 
decimal approximations to any number have this property, since any two after 
the nth can differ by at most 10-*.) Since there are many ways of approaching 
the same real number by a sequence of rational numbers, we say that two con- 
vergent sequences of rationals a:, az, @3, ‘:: and b, bs, 63, +. define the 
game real number if a, — 5, tends to zero as n increases indefinitely, The oper- 
ations of addition, ete., for such sequences are quite easy to define, 


$3. REMARKS ON ANALYTIC GEOMETRYT 
1. The Basic Principle 


The number continuum, whether it is accepted as a matter of course 
or only after a critical examination, has been the basis of mathematics -—- 
and in particular of analytic geometry and the calculus—since the 
seventeenth century. 

Introducing the continuum of numbers makes it possible to associate 
with each line segment a definite real number as its length. But we may 

t For readers who are not familiar with the subject, a series of exercises on the 


elements of analytic geometry will be found in the appendix at the end of the 
book, pp. 489-494. 
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go much farther. Not only length, but every geometrical object and every 
geometrical operation can be referred to the realm of numbers. The decisive 
steps in this arithmetization of geometry were taken’as early as 1629 
by Fermat (1601-1655) and 1637 by Descartes (1596-1650). The 
fundamental idea of analytic geometry is the introduction of “codrdi- 
nates,” that is, numbers attached to or codrdinated with a geometrical 
object and characterizing this object completely. Known to most read- 
ers are the so-called rectangular or Cartesian codrdinates which serve 
to characterize the position of an arbitrary point P in a plane. We 
start with two fixed perpendicular lines in the plane, the “z-axis” and 
the “y-axis,” to which we refer every point. These lines are regarded as 
directed number axes, and measured with the same unit. Toeach point 
P, as in Figure 12, two coérdinates, x and y, are assigned. These are 





Fig, 12. Rectangular co‘rdinates of a point, Fig. 13, The four quadrants. 


obtained as follows: we consider the directed segment from the “origin” 
O to the point P, and project this directed segment, sometimes called 
the “position vector” of the point P, perpendicularly on the two axes, 
obtaining the directed segment OP’ on the z-axis, with the number z 
measuring its directed length from O, and likewise the dirceted segment 
OQ’ on the y-axis, with the number y measuring its directed length from 
O. The two numbers x and y are called the codrdinates of P 
Conversely, if z and y are two arbitrarily prescribed numbers, then the 
corresponding point P is uniqucly determined. If z and y are both 
positive, P is in the first quadrant of the codrdinate system (see Fig. 13); 
if both arc negative, P is in the third quadrant; if z is positive and y 
negative, it is in the fourth, and if z is negative and y positive, in the 
second. 
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The distance between the point P, with coördinates zı, yı and the 
point P with codrdinates zz, y: is given by the formula 
(1) Ë = (x; — t + (n — yy. 
This follows immediately from the Pythagorean theorem, as may be 
seen from Figure 14. 


y 
| 





Fig. 14. The distance between two pointa. 


*2. Equations of Lines and Curves 


If C is a fixed point with coördinates z = a, y = b, then the locus of 
all points P having a given distance r from C is a circle with C as center 
and radius r. It follows from the distance formula (1) that the points 
of this circle have coördinates z, y which satisfy the equation 
(2) (z-a + l(y- b =r. 

This is called the equation of the circle, because it expresses the complete 
(necessary and sufficient) condition on the codrdinates z, y of a point P 


y 


Fig. 15. The circle. 


that lies on the circle around C with radius r. If the parentheses are 
expanded, equation (2) takes the form 


(3) t’ + y’ — 2az — 2by = k, 
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where k = r° — a? — b. Conversely, if an equation of the form (3) is 
given, where a, b, and k are arbitrary constants such that k + a’ + b’ 
is positive, then by the algebraic process of “completing the square” 
we can write the equation in the form 

(z-a + Yy— dP =r, 
where r? = k + a’ + b. It follows that the equation (3) defines a 
circle of radius r around the point C with codrdinates a and b. 

The equations of straight lines are even simpler in form, For example, 
the z-axis has the equation y = 0, since y = O for all points on the 
x-axig and for no other points. The y-axis has the equation z = 0. 
The lines through the origin bisecting the angles between the axes have 
the equations z = y and z = —y. It is easily shown that any straight 
line has an equation of the form 
(4) ax + by =, 
where a, b, c are fixed constants characterizing the line. The meaning 
of equation (4) is again that. all pairs of real numbers z, y which satisfy 


this equation are the codrdinates of a point of the linc, and conversely. 
The reader may have learned that the equation 


2 2 
T Y _ 
(5) atas] 


represents an ellipse (Fig. 16). This curve cuts the z-axis at the pointa 
A(p, 0) and A’(—p, 0), and the y-axis at B(0, g) and B’(0, —q). (The 
notation P(z, y) or simply (z, y) is used as a shorter way of writing 
“the point P with codrdinates z and y,”) If p > q, the segment AA’, 
of length 2p, is called the major axis of the ellipse, while the segment 
BB’, of length 2g, is called the minor axis, This ellipse is the locus of 
all points P the sum of whose distances from the points F(+/p? — œ, 0) 
and F’(—+/7? = ¢, 0) is 2p. As an exercise the reader may verify 
this by using formula (1). The points F and F’ are called the foci 

VFA ¢ 

P 


(singular, focus) of the ellipse, and the ratio e = - is called the 


eccentricity of the ellipse. 
An equation of the form 


(6) ~ 4% =] 


represents a hyperbola. This curve consists of two branches which cut 
the z-axis at A (p, 0) and A’(—p, 0) (Fig. 17) respectively. The seginent 
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AA’, of length 2p, is called the transverse axis of the hyperbola. The 
hyperbola approaches more and more nearly the two straight lines 
qz + py = 0 as we go out farther and farther from the origin, but it 
never actually reaches these lines. They are called the asymptotes of 
the hyperbola. The hyperbola is the locus of all points P the 
difference of whose distances to the two points F(+/p? + gœ, 0) and 
F'(—-~/p? + £, 0) is 2p. These points are again called the foci of 
V p + g? 
a 


the hyperbola; by its eccentricity we mean the ratio e = 





Fig. 16, The ellipse; F and F” are the foel, Fig. 17, The hyperbola, F and F’ are the foci. 
The equation 
(7) ty = l 


also defines a hyperbola, whose asymptotes now are the two axes (Fig. 18). 
The equation of this “equilateral” hyperbola indicates that the area 
of the rectangle determined by P is equal to 1 for every point P on the 
curve. An equilateral hyperbola whose equation is 


(7a) TY = ¢, 


c being a constant, is only a special case of the general hyperbola, just as 
the circle is a special case of the ellipse. The special character of the 
equilateral hyperbola lies in the fact that its two asymptotes (in this 
case the two coördinate axes) are perpendicular to each other. 

For us the main point here is the fundamental idea that geometrical 
objects may be completely represented in numerical and algebraic terms, 
and that the same is true of geometrical operations. For example, if 
we want to find the point of intersection of two lines, we consider their 
two equations 
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8 ar + by =c 

(8) a'z + by = c. 

The point common to the two lines is then found simply by determining 
its codrdinates as the solution z, y of the two simultaneous equations 
(8). Similarly, the points of intersection of any two curves, such as 
the circle z? + y? — 2ax — 2by = k and the straight line az + by = c, 
are found by solving the two corresponding equations simultaneously. 





Fig. 18, The equilateral hyperbola ry = 1, The area zy of the rectangle determined by the point 
P (z, y) ia equal ta 1, 


§4. THE MATHEMATICAL ANALYSIS OF INFINITY 
1. Fundamental Concepts 


The sequence of positive integers 
1, 2,3,- 


is the first and most important example of an infinite set. There is no 
mystery about the fact that this sequence has no end, no ‘‘finis’’; for, 
however large be the integer n, the next integer, n + 1, can always be 
formed, But in the passage from the adjective “infinite,” meaning 
simply “without end,” to the noun "infinity? we must not make the 
assumption that “infinity,” usually expressed by the special symbol œ, 
can be considered as though it were an ordinary number. We cannot 
include the symbol œ in the real number systen and at the 
same time preserve the fundamental rules of arithmetic. Neverthe- 
less, the concept of the infinite pervades all of mathematics, since 
mathematical objects are usually studied, not as individuals, but as 
members of classes or aggregates containing infinitely many objects of 
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the same type, such as the totality of integers, or of real numbers, or of 
triangles in a plane. For this reason it is necessary to analyze the 
mathematical infinite in a precise way. The modern theory of sets, 
created by Georg Cantor and his school at the end of the nineteenth 
century, has met this challenge with striking success. Cantor’s theory 
of sets has penetrated and strongly influenced many fields of mathe- 
matics, and has become of basic importance in the study of the logical 
and philosophical foundations of mathematics. The point of departure 
is the general concept of a set or aggregate. By this is meant any collec- 
tion of objects defined by some rule which specifies exactly which ob- 
jects belong to the given collection. As examples we may consider the 
set of all positive integers, the set of all periodic decimals, the set of 
all real numbers, or the set of all straight lines in three-dimensional space, 

For comparing the “magnitude” of two different sets the basic notion 
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paired with each other in such a way that to each element of A there 
corresponds one and only one element of B and to each element of B 
corresponds one and only one element of A, then the correspondence 
is said to be biunique and A and B are said to be equivalent. The notion 
of equivalence for finite sets coincides with the ordinary notion of 
equality of number, since two finite sets have the same number of elements 
if and only if the elements of the two sets can be put into biunique 
correspondence, This isin fact the very idea of counting, for when we 
count a finite set of objects, we simply establish a biunique correspond- 
ence between these objects and a set of number symbols 1, 2, 3, -++ , n. 


It is not always necessary to count the objects in two finite sets to establish 
their equivalence, For example, we can assert without counting that any finite 
set of circles of radius 1 is equivalent to the set of their centers. 


Cantor’s idea was to extend the concept of equivalence to infinite sets 
in order to define an “arithmetic” of infinities, The set of all real 
numbers and the set of all points on a straight line are equivalent, since 
the choice of an origin and a unit allows us to associate in a biunique 
manner with every point P of the line a definite real number z as its 
codrdinate: 

Pox. 

The even integers form a proper subset of the set of all integers, and 
the integers form a proper subset of the set of allrational numbers. (By 
the phrase proper subset of a set S, we mean a set S’ consisting of some, 
but not all, of the objects in S.) Clearly, ifa set is finite, i.e. if it contains 
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some number n of elements and no more, then it cannot be equivalent to 
any one of ils proper subsets, since any proper subset could contain at 
most n — 1 elements. But, if a set contains infinitely many objects, 
then, paradoxically enough, it may be equivalent to a proper subset of 
itself. For example, the codrdination 


1 2 3 4 5 see FL sue 
TrI@¢it l 
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establishes a biunique correspondence between the set of positive integers 
and the proper subset of even integers, which are thereby shown to be 
equivalent, This contradiction to the familiar truth, “the whole is 
greater than any of its parts,” shows what surprises are to be expected 
in the domain of the infinite. 


2. The Denumerability of the Rational Numbers and 
the Non-Denumerability of the Continuum 


One of Cantor’s first discoveries in his analysis of the infinite was that 
the set of rational numbers (which contains the infinite set of integers 
as a subset and is therefore itself infinite) is equivalent to the set of 
integers. At first sight it seems very strange that the dense set of 
rational nuinbers should be on the same footing as its sparsely sown sub- 
set of integers, True, one cannot arrange the positive rational numbers 
in order of size (as one can the integers) by saying that a is the first 
rational number, b the next larger, and so forth, because there are in- 
finitely many rational numbers between any two given ones, and hence 
there is no “next larger.” But, as Cantor observed, by disregarding 
the relation of magnitude between successive elements, it is possible to 
arrange all the rational numbers in a single row, ri, f2, 73, Ta, ++», like 
that of the integers. In this sequence there will be a first rational 
number, a second, a third, and so forth, and every rational number will 
appear exactly once. Such an arrangement of a set of objects in a 
scquence like that of the integers is called- a denumeration of the set. 
By exhibiting such a denumeration Cantor showed the set of rational 
numbers to be equivalent with the set of integers, since the cor- 
respondence 

1 2 3 4 «ee meee 

11111 l 

ri To fa Tere fne 
is biunique. One way of denumerating the rational numbers will now be 
described. 
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Every rational number can be written in the form a/b, where a and b 
are integers, and all these numbers can be put in an array, with a/b in 
the ath column and bth row. For example, 3/4 is found in the third 
column and fourth row of the table below. All the positive rational 
numbers may now be arranged according to the following scheme: in 
the array just defined we draw a continuous, broken line that goes 


thenuah all tha numbare in the array Starting at T wa on horignntallye 
VATOU A Gia VAC NUMOCTS in Tae array. URDU Bb a, We RO AAT LEILA vay 


to the next place on the right, obtaining 2 as the second member of the 
sequence, then diagonally down to the left until the first column is 
reached at the position occupied by 1/2, then vertically down one place 
to 1/3, diagonally up until the first row is reached again at 3, across to 
4, diagonally down to 1/4, and so on, as shown in the figure. Travelling 
along this broken line we arrive at a sequence 1, 2, 1/2, 1/3, 2/2, 3, 4, 
3/2, 2/3, 1/4, 1/5, 2/4, 3/3, 4/2, 5, +++ containing the rational numbers 
in the order in which they occur along the broken line. In this sequence 
we now cancel all those numbers a/b for which a and b have a common 
factor, so that each rational number r will appear exactly once and in 


its simplest form, Thus we obtain a sequence 
123 4 5 6 7 
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Fig. 10. Denumeration of the rational numbers, 


1, 2, 1/2, 1/3, 3, 4, 3/2, 2/3, 1/4, 1/5, 5, --- which contains each positive 
rational number once and only once. This shows that the set of all 
positive rational numbers is denumerable, In view of the fact that the 
rational numbers correspond in a biunique manner with the rational 
points on a line, we have proved at the same time that the set of posi- 
tive rational points on a line is denumerable. 


Exercises: 1) Show that the set of all positive and negative integers is de- 
numerable. Show that the set of all positive and negative rational numbers is 
denumerable. 
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2) Show that the set S + T (see p. 110) is denumerable if S and T are denumer- 
able sets. Show the same for the sum of three, four, or any number, n, of sets, 
and finally for a set composed of denumerably many denumerable sets, 


Since the rational numbers have been shown to be denumerable, one 
might suspect that any infinite set is denumerable, and that this is the 
ultimate result of the analysis of the infinite. This is far from being 
the case. Cantor made the very significant discovery that the set of all 
real numbers, rational and irrational, zs not denumerable. In other words, 
the totality of real numbers presents a radically different and, so to 
speak, higher type of infinity than that of the integers or of the rational 
numbers alone, Cantor’s ingenious indirect proof of this fact has be- 
come a model for many mathematical demonstrations. The outline of 
the proof is as follows. We start with the tentative assumption that all 
the real numbers have actually been denumerated in a sequence, and 
then we exhibit a number which does not occur in the assumed denumera- 
tion. This provides a contradiction, since the assumption was that all 
the real numbers were included m the denumeration, and this assump- 
tion must be false if even one number has been left out. Thus the as- 
sumption that a denumeration of the real numbers is possible is shown 
to be untenable, and hence the opposite, i.e. Cantor’s statement that 
the set of real numbers is not denumerable, is shown to be true. 

To carry out this program, let us suppose that we have denumerated 
all the real numbers by arranging them in a table of inftnite decimals, 


Ist number Ni. a,0g03Qg ++ « 
2nd number Ne. bybabshyaby - «+ 


3rd number N3. c,ceCacacs - - 


sep ee eee n eee ep ewe eee hl hha 


where the N’s denote the integral parts and the small letters denote the 
digits after the decimal point. We assume that this sequence of decimal 
fractions contains all the realnumbers. The essential point in the proof 
is now to construct by a “diagonal process” a new number which we can 
show to be not included in this sequence. To do this we first choose a 
digit a which differs from a, and is neither 0 nor 9 (to avoid possible 
ambiguities which may arise from equalities like 0.999 --- = 1.000-..), 
then a digit b different from b, and again unequal to 0 or 9, similarly c 
different from c3, and so on. (For example, we might simply choose 
a = 1 unless a, = 1, in which case we choose a = 2, and similarly down 
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the table for all the digits b, c, d, e, ---.} Now consider the infinite 
decimal l 
z = O.abede---. 


This new number z is certainly different from any one of the numbers 
in the table above; it cannot be equal to the first because it differs 
from it in the first digit after the decimal point; it cannot be equal to the 
second since it differs from it in the second digit; and, in general, it 
cannot be identical with the nth number in the table since it differs 
from it in the nth digit. This shows that our table of consecutively 
arranged decimals does not contain all the real numbers. Hence this set 
is not denumerable. 

The reader may perhaps imagine that the reason for the non- 
denumerability of the number continuum lies in the fact that the straight 
line is infinite in extent, and that a finite segment of the line would 
contain only a denumerable infinity of points. This is not the case, for 





1 
Fig. 20 Fig 24 


Fig. 20. Biunique correspondence between the pointa of a bent segment and a whole straight line. 
Fig. 21. Biunique correapondence between the points of two segmenta of different length. 


it is easy to show that the entire number continuum is equivalent to 
any finite segment, say the segment from 0 to 1 with the endpoints 
excluded. The desired biunique correspondence may be obtained by 
bending the segment at 4 and 3 and projecting from a point, as shown 
in Figure 20. It follows that even a finite segment of the number 
axis contains a non-denumerable infinity of points. 

Ezercise: Show that any interval [A, B] of the number axis is equivalent to 
any other interval [C, D]. 

It is worthwhile to indicate another and perhaps more intuitive proof 
of the non-denumerability of the number continuum. In view of what 
we have Just proved it will be sufficient to confine our attention to the 
set of points between 0 and 1. Again the proof is indirect. Let us 
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suppose that the set of all points on the line between 0 and 1 can be ar- 
ranged in a sequence 


(1) @,,Q2,Qg,¢*+. 


Let us enclose the point with codrdinate a, in an interval of length 
1/10, the point with codrdinate az in an interval of length 1/10’, and so 
on, If all points between 0 and 1 were included in the sequence (1), 
the unit interval would be entirely covered by an infinite sequence of 
possibly overlapping subintervals of lengths 1/10, 1/10’, ---. (The 
fact that some of these extend beyond the unit interval does not influ- 
ence our proof.) The sum of these lengths is given by the geometric 


series 


Oo] 1 71 
~ 36) — a7 | 79 

10 
Thus the assumption that the sequence (1) contains all real numbers 
from 0 to 1 leads to the possibility of covcring the whole of an interval 
of length 1 by a set of intervals of total length 1/9, which is intuitively 
absurd, We might accept this contradiction asa proof, although from 
a logical point of view it would require fuller analysis. 


1/10 + 1/107 + 1/107 + 


The reasoning of the preceding paragraph serves to establish a theorem of 
great importance in the modern theory of “measure”. Replacing the intervals 
above by smaller intervals of length «/10", where eis an arbitrary small positive 
number, we see that any denumerable set of points on the line can be included 
in a set of intervals of total length «/9. Since «e was arbitrary, the latter number 
can be inade as small as we please. In the terminology of measure theory we say 
that a denumerable set of points has the measure zero. 

Ezercise: Prove that the samc result holds for a denumerable set of points 
in the plane, replacing lengths of intervals by areas of squares, 


3. Cantor’s ‘Cardinal Numbers” 


In summary of the results thus far: The number of elements in a 
finite set A cannot equal the number of elements in a finite set B 
if A contains more elements than B. If we replace the concept of “sets 
with the same (finite) number of elements” by the more general concept 
of equivalent sets, then with infinite sets the previous statement does 
not hold; the set of all integers contains more elements than the set of 
even integers, and the set of rational numbers more than the set of in- 
tegers, but we have seen that these sets are equivalent. One might 
suspect that all infinite sets are equivalent and that distinctions other 
than that between finite numbers and infinity could not be made, but 
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Cantor’s result disproves this; there is a set, the real number continuum, 
which is not equivalent to any denumerable set. 

Thus there are at least two different types of “infinity,” the denumer- 
able infinity of the integers and the non-denumerable infinity of the 
continuum. If two sets A and B, finite or infinite, are equivalent, we 
shall say that they have the same cardinal number. This reduces to the 
ordinary notion of same natural number if A and B are finite, and may 
be regarded as a valid generalization of this concept. Moreover, if a 
set A is equivalent with some subset of B, while B is not equivalent to 
A or to any of its subsets, we shall say, following Cantor, that the set 
B has a greater cardinal number than the set A. This use of the word 
“number” also agrees with the ordinary notion of greater number for 
finite sets. The set of integers is a subset of the set of real numbers, 
while the set of real numbers is neither equivalent to the set of integers 
nor to any subset of it (i.e. the set of real numbers is neither denumerable 
nor finite). Hence, according to our definition, the continuum of real 
numbers has a greater cardinal number than the set of integers. 


* As a matter of fact, Cantor actually showed how to construct a whole sequence 
of infinite sets with greater and greater cardinal numbers. Since we may start 
with the set of positive integers, it clearly suffices to show that given any set A 
tt is possible to construct another set B with a greater cardinal number. Because 
of the great generality of this theorem, the proof is necessarily somewhat abstract. 
We define the set B to be the set whose elements are all the different subsets of 
the set A. By the word “subset” we shall include not only the proper subsets 
of A but also the set A itself, and the empty “subset” 0, containing no elements 
at all. (Thus, if A consists of the three integers 1, 2, 3, then B contains the 8 
different elements {1, 2, 3}, {1, 2}, {2, 3}, (2, 3}, {1}, {2}, {3}, and 0.) Each 
element of the set B is itself a set, consisting of certain elements of A. Now 
suppose that B is equivalent to A or to some subset of it, i.e. that there is some 
rule which correlates in a biunique manner the elements of A or of a subset of 
A with all the elements of B, i.e. with the subsets of A: 


(2) ac Sa, 


where we denote by Sa the subset of A corresponding to the elementa of A. We 
shall arrive at a contradiction by exhibiting an element of B (i.e. a subset T of A) 
which cannot have any element a correlated with it. In order to construct this 
Subset we observe that for any element z of A two possibilities exist: either the 
set S, assigned to z in the given correspondence (2) contains the element z, or 
S; does not contain z. We define T asthe subset of Aconststing of all those elements x 
such that Sı does not contain x. This subset differs from every Sa by at least thie 
element a, since if Sa contains a, 7 does not, while if Sa does not contain a, T does. 
Hence 7 is not included in the correspondence (2), This shows that it is im- 
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possible to set up a biunitque correspondence betwcen the elements of A or of 
any subset of A and those of B, But the correlation 


a «> {a} 


defines a biunique correspondence between the elements of A and the subset of B 
consisting of all one-element subsets of A. Hence, by the definition of the last 
paragraph, B has a greater cardinal number than A, 

* Ezercise: If A contains n elements, where nis a positive integer, show that B, 
defined as above, contains 2” elements. If A consists of the set of all positive 
integers, show that B is equivalent to the continuum of real numbers from 0 to 1, 
(Hint: Symbolize a subset of A in the first case by a finite and in the second 
caso by an infinite sequence of the symbols 0 and 1, 


Gals se "sy 


where a, = 1 or 0, according as the nth element of A does or does not belong to 
the given subset.) 

One might think it a simple matter to find a set of points with a greater cardinal 
number than the set of real numbers from 0 to 1. Certainly a square, being 
“two-dimensional,” would appear to contain ‘‘more”’ points than a ‘‘one-dimen- 
gional’ segment. Surprisingly enough, this ts not so; the cardinal number of the 
set of points in a square is the same as the cardinal number of the set of points ona 
segment. To prove this we set up the following correspondence, 

If (z, y) is a point of the unit square, z and y may be written in decimal form as 


g = aaa e, 
Y = 0.0,b3b304 wee, 


where to avoid ambiguity we choose, for example, 0.250000 -> instead of 
0.249999 --+ for the rational number $. To the point (z, y) of the square we then 


z= 0.416:426,0,;b,a4b, eee 


of the segment from 0 to 1. Clearly, different points (z, y) and (z’, y’) of the 
square will correspond to different points z and z’ of the segment, so that the 
cardinal number of the square cannot exceed that of the segment. 

(As a matter of fact, the correspondence just defined is biunique between the 
sect of all points of the square and a proper subset of the unit segment; no point 
of the square could correspond to the point 0,2140909090 --+ , for example, since 
the form 0.25000 --- rather than 0.24999 --- was chosen for the number }. But 
it is possible to modify the correspondence slightly so that it will be biunique 
between the whole square and the whole segment, which are thus seen to have 
the same cardinal number.) 

A similar argument shows that the cardinal number of the points in a cube is 
no greater than the cardinal number of the segment. 

Although these results seem to contradict the intuitive notion of dimen- 
sionality, we must remember that the correspondence we have aefined is not 
‘continuous’; if we travel along the segnient from 0 to 1 continuously, the corre- 
sponding points in the square will not form a continuous curve but will appear 
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in a completely chaotic order, The dimension of a set of points depends not 
only on the cardinal number of the set, but also on the manner in which the 
points are distributed in space. In Chapter V we shall return to this subject. 


4. The Indirect Method of Proof 


The theory of cardinal numbers is but one aspect of the general 
theory of sets, created by Cantor in the face of severe criticism by 
some of the most distinguished mathematicians of the time. Many of 
these critics, such as Kronecker and Poincaré, objected to the vague- 
ness of the general concept of ‘‘set,’’ and to the non-constructive char- 
acter of the reasoning used to define certain sets. 

The objections to non-constructive reasoning refer to what may be 
called essentially indirect proofs. Indirect proofs themselves are a 
familiar sort of mathematical reasoning: to cstablish the truth of a 
statement A, one makes the tentative assumption that A’, the contrary 
of A, is true. Then by some chain of reasoning one produces a con- 
tradiction to A’, thus demonstrating the absurdity of A’. Hence, on 
the basis of the fundamental logical principle of the “excluded middle,” 
the absurdity of A’ establishes the truth of A. 

Throughout this book we shall meet with examples where an indirect 
proof can easily be converted into a direct proof, though the indirect 
form of proof often has the advantages of brevity and freedom from 
details not necessary for the immediate objective. But there are some 
theorems for which it has not yet been possible to give other than in- 
direct proofs. There are even theorems, provable by the indirect 
method, for which direct constructive proofs could not possibly be given 
even in prineiple, because of the very nature of the theorems them- 
selves. Such, for example, is the theorem on page 81. On different 
occasions in the history of mathematics, when the efforts of mathema- 
ticians were directed towards constructing solutions for certain problems 
in order to show their solvability, someone else came along and side- 
stepped the task of construction by giving an indirect and non-construc- 
tive proof. 

There is an essential difference between proving the existence of an 
object of a certain type by constructing a tangible example of such an 
object, and showing that if none existed one could deduce contradictory 
results. In the first case one has a tangible object, while in the second 
case one has only the contradiction. Some distinguished mathema- 
ticians have recently advocated the more or less complete banishment 
from mathematics of all non-constructive proofs. Even if such a 
program were desirable, it would at present involve tremendous com- 


INDIRECT METHOD OF PROOF 87 


plication and even the partial destruction of the body of living mathe- 
maties. For this reason it is no wonder that the school of ‘‘intui- 
tionism,” which has adopted this program, has met with strong resistance, 
and that even the most thoroughgoing intuitionists cannot always live 
up to their eonvietions. 


5. The Paradoxes of the Infinite 


Although the uneompromising position of the intuitionists is far too 
extreme for most mathematicians, a serious threat to the beautiful 
theory of infinite aggregates arose when outright logical paradoxes in 
the theory beeame apparent. It was soon observed that unrestricted 
freedom in using the eoncept of “set” must lead to eontradietion. One 
of the paradoxes, exhibited by Bertrand Russell, may be formulated 
as follows. Most sets do not contain themselves as elements. For 
example, the set A of all integers eontains as elements only integers; A, 
being itself not an integer but a set of integers, does not contain itself as 
element. Sueh a set we may call “ordinary.” There may possibly be 
sets which do eontain themselves as elements; for example, the set S 
defined as follows: “4S contains as elements all sets definable by an 
English phrase of less than twenty words” could be considered to con- 
tain itself as an element. Such sets we might call “extraordinary” sets. 
In any case, however, most sets will be ordinary, and we may exclude 
the erratic behavior of “extraordinary” sets by confining our attention 
to the set of all ordinary sets. Call this set C. Each element of the set 
C is itself a set; in fact an ordinary set. The question now arises, is C 
itself an ordinary set or an extraordinary set? It must be one or the 
other. If C is ordinary, it contains itself as an element, since C is de- 
fined as containing all ordinary sets. This being so, C must be extra- 
ordinary, since the extraordinary sets are those containing themselves 
as members. This is a contradiction. Hence C must be extraordinary. 
But then C contains as a member an extraordinary set (namely C itself), 
which contradicts the definition whe reby C was to contain ordinar y sets 
only, Thus in either case we see that the assumption of the mere exist- 
ence of the set C has led us to a contradiction. 


Fal An r 


6. The Foundations of Mathematics 


Paradoxes like this have led Russell and others to a systematic study 
of the foundations of mathematics and logic. The ultimate aim of 
their efforts is to provide for mathematical reasoning a logical basis 
which can be shown to be free from possible contradiction, and which 


88 NUMBER SYSTEM OF MATHEMATICS { II] 


still eovers everything that is considered important by all (or some) 
mathematicians. While this ambitious goal has not been attained and 
perhaps cannot ever be attained, the subject of mathematical logic has 
attracted the attention of increasing numbers of students. Many 
problems in this field which can be stated in very simple terms are very 
difficult to solve. As an example, we mention the Hypothesis of the 
Continuum, which states that there is no set whose cardinal number is 
greater than that of the set of the integers but less than that of the set 
of real numbers. Many interesting consequences can be deduced from 
this hypothesis, but up to now it has neither been proved nor disproved, 
though it has recently been shown by Kurt Gödel that if the usual 
postulates at the basis of set theory are consistent, then the enlarged 
set of postulates obtained by adding the Hypothesis of the Continuum 
is also consistent. Questions such as this ultimately reduce to the ques- 
tion of what is meant by the concept of mathematical existence. Luckily, 
the existence of mathematics does not depend on a satisfactory answer. 
The school of “formalists,” led by the great mathemstician Hilbert, 
asserts that in mathematics “existence” simply means ‘freedom from 
contradiction.” It then becomes necessary to construct a sct of postu- 
lates from which all of mathematics can be deduced by purely formal 
reasoning, and to show that this set of postulates will never lead to a 
contradiction. Recent results by Gödel and others seem to show that 
this program, at least as originally conceived by Hilbert, cannot be 
carried out. Significantly, Hilbert’s theory of the formalized structure 
of mathematics is essentially based on intuitive procedure. In some 
way or other, openly or hidden, even under the most uncompromising 
formalistic, logical, or postulational aspect, constructive intuition always 
remains the vital element in mathematics. 


§5. COMPLEX NUMBERS 
1. The Origin of Complex Numbers 


For many reasons the concept of number has had to be extended even 
beyond the real number continuum by the introduction of the so-called 
complex numbers. One must realize that in the historical and psycho- 
logical development of mathematics, all these extensions and new inven- 
tions were by no means the products of some onc individual’s efforts. 
They appear rather as the outcome of a gradual and hesitant evolution 
for which no single person can receive major credit. It was the need 
for more freedom in formal calculations that brought about the use of 
negative and rational numbers. Only at the end of the middle ages 
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did mathematicians begin to lose their feeling of uneasiness in using 
these concepts, which did not appear to have the same intuitive and 
concrete character as do the natural numbers. It was not until the 
middle of the nineteenth century that mathematicians fully realized 
that the essential logical and philosophical basis for operating in an ex- 
tended number domain is formalistic; that extensions have to be created 


iti i but which less if not 
by definitions which, as such, are free, but which are useless if not 


made in such a way that the prevailing rules and properties of the 
original domain are preserved in the larger domain. That these exten- 
sions may sometimes be linked with “real” objects and in this way 
provide tools for new applications is of the highest importance, but this 
can provide only a motivation and not a logical proof of the validity 
of the extension. 

The process which first requires the use of complex numbers is that 
of solving quadratic equations. We recall the concept of the linear equa- 
tion, ax = b, where the unknown quantity zx is to be determined. The 
solution is simply z = b/a, and the requirement that every linear 
equation with integral coefficients a + 0 and b shall have a solution ne- 
cessitated the introduction of the rational numbers. Equations such as 


(1) z* = 2, 
which has no solution z in the field of rational numbers, led us to con- 
struct the wider field of real numbers in which a solution does exist. 


But even the field of real numbers is not wide enough to provide a com- 
plete theory of quadratic equations. A simple equation like 


(2) z = —] 
has no real solution, since the square of any real number is never 
negative. 


We must either be content with the statement that this simple equa- 
tion is not solvable, or follow the familiar path of extending our concept 
of number by introducing numbers that will make the equation 
solvable. This is exactly what is done when we introduce the new 
symbol ¿ by defining = —1. Of course this object 7, the “imaginary 
unit,” has nothing to do with the concept of a number as a means of 
counting. Itis purely a symbol, subject to the fundamental rule? = —1, 
and its value will depend entirely on whether by this introduction a 
really useful and workable extension of the number system can be 
effected. 

Since we wish to add and multiply with the symbol 7 as with an or- 
dinary real number, we should be able to form symbols like 22, 37, —2, 
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2 + 52, or more generally, a + bi, where a and b are any two real num- 
bers. If these symbols are to obey the familiar commutative, associa- 
tive, and distributive laws of addition and multiplication, then, for 
example, 


(2 +30) + A +4 =(24+14+ 8442 =34 %, 
(2 + 3:)(1 + 4) = 2 + 8i 4+ 3i +12 
= (2 — 12) + (8 + 3) = —10 + 1li. 


Guided by these considerations we begin our systematic exposition 
by making the following definition: A symbol of the form a + bz, where 
a and b are any two real numbers, shall be called a complex number 
with real part a and imaginary part b. The operations of addition 
and multiplication shall be performed with these symbols just as though 
í were an ordinary real number, except that 7’ shall always be replaced 
by —1. More precisely, we define addition and multiplication of com- 
plex numbers by the rules 


(a + bt) + (c + di) = (a+ c) + (b + dz, 
(a + bi)(e + dt) = (ac — bd) + (ad + boi. 
In particular, we have 
(4) (a + bi)(a — bi) = a’ — abi + abi - br =a’ + BY. 


On the basis of these definitions it is easily verified that the commuta- 
tive, associative, and distributive laws hold for complex numbers. 
Moreover, not only addition and multiplication, but also subtraction 
and division of two complex numbers lead again to numbers of the 
form a + bt, so that the complex numbers form a field (see p. 56): 
(a + bt) — (c + di) = (a — c) + (b — dji, 

(5) a+bi_ (at bi) (c — di) -= (4th) (xa); 

c+di (c + di) (c — dt) e + d e+e 


(The second equation is meaningless when c + di = 0 + %, for then 
c +d = 0. So again we must exclude division by zero, i.e. by 0 + Oi.) 
For example, 


(3) 








(2 + 32) — (1 + 42) = 1-3, 


2+3i 2+31-45 2-8 +3i+12 14 3 
I+ 1¢41-4 1+ 16 O17 


ORIGIN OF COMPLEX NUMBERS 91 


The field of complex numbers includes the field of real numbers as a 
subfield, for the complex number a + Oz is regarded as the same as 
the real number a. On the other hand, a complex number of the form 
0O + bt = bi is called a pure imaginary number. 

(1 + ¢)(2 + #)(3 + 2) 
(1 — 1) 


1 ./3\! 
(2+) 
in the form a + bi. 


3) Express in the form a + bi: 
1+@ 1+? 1 1 (4 — 5)? 
1-t’ 2—¢7 8 (-244)(1- 32)’ (2 — 34)3° 
4) Calculate 4/5 + 121. (Hint: Write 4/5 + 12i = x + yi, square, and equate 
real and imaginary parts.) 


Ezerctses: 1) Express in the form a + bt. 


2) Express 





By the introduction of the symbol 7 we have extended the field of real 
numbers to a field of symbols a +- bi in which the special quadratic 
equation 


r = —-1 
has the two solutions z = ¢ and z = —i. For by definition, 
ii = (—i)(-7) = Ë = —1. In reality we have gained much more: 


we can easily verify that now every quadratic equation, which we may 
write in the form 


(6) ar + br +c = 0, 


has a solution. For from (6) we have 


pepe So 
a a 
„a. b b Ob c 
T Hart ag aa a’ 
b\? Bb? — 4ae 
(7) (c+?) = om, 
b +~/b? — 4ac 
++ 35> 2a i 
—b + yb — 4ac 
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Now if b’ — 4ac > 0, then +/8? — 4ac is an ordinary real number, and 

the solutions (7) are real, while if b’ — 4ac < 0, then 4ac — b > 0 

and yb? — 4ac = YW —(4ac — b) = «/4ac — b?-i, so that the solutions 

(7) are complex numbers. For example, the solutions of the equation 
x — §¢+6=0 


are x = (5 + 0/25 — 24)/2 = (5 + 1)/2 = 2 or 3, while the solutions 
of the equation 





rt —2r+2=0, 
are z = (2 + «/4 — 8)/2 = (2 + 24)/2 =1+70r1 —7. 


2. The Geometrical Interpretation of Complex Numbers 


As early as the sixteenth century mathematicians were compelled 
to introduce expressions for square roots of negative numbers in order 
to solve all quadratic and cubic equations. But they were at a loss to 
explain the exact meaning of these expressions, which they regarded 
with superstitious awe. The name “imaginary” is a reminder of 
the fuct that these expressions were considered to be somehow fictitious 
and unreal. Finally, early in the nineteenth century, when the im- 
portance of these numbers in many branches of mathematics had 
become manifest, a simple geometric interpretation of the operations 
with complex numbers was provided which set to rest the lingering 
doubts about their validity. Of course, such an interpretation is 
unnecessary from the modern point of view in which the justification 
of formal calculations with complex numbers is given directly on the 
basis of the formal definitions of addition and multiplication. But the 
geometrie interpretation, given at about the same time by Wessel 
(1745-1818), Argand (1768-1822) and Gauss, made these operations 
seem more natural from an intuitive standpoint, and has ever since 
been of the utmost importance in applications of complex numbers in 
mathematics and the physical sciences. 

This geometrical interpretation consists simply in representing the 
complex number z = z + yt by the point in the plane with rectangular 
coérdinates z, y. Thus the real part of z is its z-codrdinate, and the 
imaginary part is its y-coOrdinate. A correspondence is thereby estab- 
lished between the complex numbers and the points in a “number 
plane,” just as a correspondence was established in §2 between the 
real numbers and the points on a line, the number axis. The points on 
the z-axis of the number plane correspond to the real numbers 
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z = x + 0i, while the points on the y-axis correspond to the pure 
imaginary numbers z = 0 + yt. 
If 


zg=2+y 
is any complex number, we call the complex number 

zZ=2- yt 
the conjugate of z. The point Z is represented in the number plane by 
the reflection of the point z in the z-axis as in a mirror. If we denote 


z= x+ yi 





Fig. 22, Geometrical representation of complex numbers, The point s has the rectangular codrdinates z, y 


the distance of the point z from the origin by p, then by the Pythagorean 
theorem 
P = t + y = (z + yiz — yi) = 2-2. 
The real number p = ~/z? + y2 is called the modulus of z, and written 
p= |z]. 

If 2 lies on the real axis, its modulus is its ordinary absolute value. The 
complex numbers with modulus 1 lie on the “unit cirele” with center 
at the origin and radius 1. 

If |z| = Othenz = 0. This follows from the definition of |z | as 
the distance of z from the origin, Morcover the modulus of the product 
of two complex numbers is equal to the product of their moduli: 

| 21-22| = |z |-| 22]. 
This will follow from a more general theorem to be proved on page 95. 


Exercises: 1, Prove this theorem directly from the definition of multiplication 
of two complex numbers, 2; = x; + yit and zy = z3 + yal. 
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2. From the fact that the product of two real numbers is 0 only if one of the 
factors is 0, prove the corresponding theorem for complex numbers, (Hint: Use 
the two theorems just stated.) 

From the definition of addition of two complex numbers, 2; = 21 + yit 
and z, = 2: + y:i, we have 


Zi + 22 = (41 + 22) + (yr + Yi. 


Hence the point zı + zs is represented in the number plane by the 
fourth vertex of a parallelogram, three of whose vertiees are the 





Fig, 23, Parallelogram law of addition of complex numbers. 


points O, 21, 2 This simple geometrieal eonstruction for the sum of 
two complex numbers is of great importance in many applications. 
From it we can deduce the important consequence that the modulus 
of the sum of two complex numbers does not exceed the sum of the moduli 
(eompare p. 58): 


lez + Z2 | < | aij + | 22 |. 
This follows from the fact that the length of any side of a triangle 
cannot exceed the sum of the lengths of the other two sides. 
Exercise: When does the equality | 2 + z: | = | a | + | z2 | hold? 


The angle between the positive direction of the z-axis and the line 
Oz is called the angle of z, and is denoted by ¢ (Fig. 22). The modulus 
of Z is the same as the modulus of z, 


[z| = 2, 


but the angle of Z is the negative of the angle of z, 


$= —¢. 


Of course, the angle of z is not uniquely determined, since any integral 
multiple of 360° can be added to or subtracted from an angle without 
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affecting the position of its terminal side. Thus 
$, $ + 360°, $ + 720°, $ + 1080°, "ery 
$ — 360°, ¢ — 720°, ¢@ — 1080°, --- 


all represent graphically the same angle. By means of the modulus p 
and the angle ¢, the complex number z can be written in the form 


(8) z = z + yt = p(cos¢ + tsin ¢); 
for, by the definition of sine and cosine (see p. 277), 
z = pcos¢, y = psin ġ. 
E.g. for z = 1, p = 1, ġ = 90°, so that ¿ = 1 (cos 90° + 7 sin 90°); 


for = 1 +42, p = 2, ¢ = 45°, so that 
1 +i = ~/2 (cos 45° + isin 45°); 
for z=1-1, p = ~/2,¢ = —45°, so that 


1— i = +/2 [cos (—45°) + ¢ sin (—45°)]; 
for z= -14+ +31, p = 2,¢ = 120°, so that 

—1 + 1/37 = 2 (cos 120° + i sin 120°). 
The reader should confirm these statements by substituting the values 
of the trigonometrical functions. 


The trigonometrical representation (8) is of great value when two 
complex numbers are to be multiplied. If 


z = p(cos ġ + 7 sin 9), 
and z’ = p'(cos ¢’ + isin ¢”, 
’ = pp'{(cos ¢ cos ¢’ — sin ¢ sin ¢’) 
+ i(cos ¢ sin ¢’ + sin ¢ cos ¢’)} 
Now, by the fundamental addition theorems for the sine and cosine, 
cos œ cos ¢’ — sin gd sin ¢’ = cos (6 + ¢’), 
cos @ sin ¢’ + sin @ cos ¢’ = sin ($ + ¢’). 


I 


then 22 


Hence 
(9) zz’ = pp'{cos ($ + ¢’) + isin ($ + $’)}. 
This is the trigonometrical form of the complex number with modulus 


pp’ and angle ¢ + ¢’. In other words, to multiply two complex numbers, 
we multiply their moduli and add their angles (Fig. 24). Thus we 
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see that multiplication of complex numbers has something to do with 
rotation. To be more precise, let us call the directed line segment 
pointing from the origin to the point z the vector z; then p = |z | will be 
its length. Let z’ be a number on the unit circle, so that p’ = 1; then 
multiplying z by z’ simply rotates the vector z through the angle ¢’. 
If p’ = 1, the length of the vector has to be multiplied by p’ after the 
rotation. The reader may illustrate these facts by multiplying various 
numbers by 2, = i (rotating by 90°); z = —i (rotating by 90° in the 
opposite sense); z = 1 + ïi; and z = 1 — i. 





Fig. 24. Multiplication of two complex numbers; the anglea are added and the moduli multiplied. 


Formula (9) has a particularly important consequence when z = 2’, 
for then we have 
z = p'(cos 26 + isin 2¢). 
Multiplying this result again by z we obtain 
z = p'(cos 3 + isin 3%), 
and continuing indefinitely in this way, 
(10) z” = p” (cos nd + isin ng) for any integer n. 


In particular, if z is a point on the unit circle, with p = 1, we obtain 
the formula discovered by the English mathematician A. De Moivre 
(1667-1754): 


(11) (cos ġ + isin ¢)” = cos nd + 7 sin ne. 
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This formula is one of the most remarkable and useful relations in 
elementary mathematics. An example will illustrate this. We may 
apply the formula for n = 3 and expand the left hand side according 
to the binomial formula, 


(u + o)? = w? + 3uv + 3u + 0’, 
obtaining the relation 
cos 36 + isin 36 = cos’ — 3 cos ¢sin’ ¢ + 2(3 cos’ ¢ sin ¢ — sin’ ¢). 
A single equation such as this between two complex numbers amounts 
to a pair of equations between real numbers. For when two complex 
numbers are equal, both real and imaginary parts must be equal. Hence 
we may write 


cos 3% = cos’ — 3cos¢sin’?¢, sin 3d = 3 cos’d sing — sin’ ¢. 
Using the relation 
cos’ ¢ + sin’ ¢ = 1, 
we have finally 


3 
os 36 = cos $ — 3 cos (1 — cos’ $) = 4 cos 


sin 36 = —4sin’¢ + 3 sin ¢. 


Similar formulas, expressing sin nọ and cos n@ in terms of powers of 
sin ¢ and cos ¢ respectively, can easily be obtained for any value of n. 


© 


Exereises: 1) Find the corresponding formulas for sin 4¢ and cos dẹ. 

2) Prove that for a point, z = cos @ + 1 sin œ, on the unit circle, 1/z = 
coso — i sin ¢. 

3) Prove without calculation that (a + 51)/(a — bi) always has the absolute 
value 1. 

4) If z; and z; are two complex numbers prove that the angle of zı — z: is equal 
to the angle between the real axia and the vector pointing from z, to 21. 

5) Interpret the angle of the complex number (z; — 2:)/(z; — 2s) in the triangle 
formed by the points zı , z4, and zy. 

6) Prove that the quotient of two complex numbers with the same angle is real. 
Z — 2) 





7) Prove that if for four complex numbers 21 , za , zs, z« the angles of ; ; 
a7 åt 


Za — Ži 





and are the same, then the four numbers lie on a circle or on a straight 


Ze as 
line, and conversely. 
8) Prove that four points Zi, Za, 23, 24 lie on a circle or on a straight line if 


and only if 
a a J7 — 2 
nam a u-n 


is real. 
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3. De Moivre’s Formula and the Roots of Unity 


By an nth root of a number a we mean a number b such that b° = a. 
In particular, the number 1 has two square roots, 1 and —1, since 
1? = (—1)* = 1. The number 1 has only one real cube root, 1, while 
it has four fourth roots: the real numbers 1 and —1, and the imaginary 
numbers 7 and —z. These facts suggest that there may be two more 
cube roots of 1 in the complex domain, making a total of three in all. 
That this is the case may be shown at once from De Moivre’s formula. 


l 


Fig. 25. The twelve twelfth roota of 1. 


We shall see that in the field of complex numbers there are exactly n 
different nth roots of 1. They are represented by the .ertices of the regular 
n-sided polygon inscribed in the unit circle and having the point z = 1 as 
one of its vertices. This is almost immediately clear from Figure 25 
(drawn for the case n = 12). The first vertex of the polygon isl. The 
next is 








© o 
(12) æ = cos seo . 360 


+ isin no? 


since its angle must be the nth part of the total angle 360°. The next 
vertex is a-a = a’, since we obtain it by rotating the vector a through 





360° ` a 3 
the angle . The next vertex is a’, etc., and finally, after n steps, 
n 
we are back at the vertex 1, ie, we have 


a” = 1, 
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which also follows from formula (11), since 


fe] o n 
[cos 360 + isin seo | = cos 360° + 7 sin 360° = 1 + œ. 








The same is 


It follows that a' = æ is a root of the equation z 1, 
r), We can see 


fe) 
true for the next vertex a’ = cos (72° ) + i7sin (2 








this by writing 
(a’)” = a” = (a”)’ = (1)? = 1, 
or from De Moivre’s formula: 
(a’)” = cos (» 12r) + isin (» 120°) 
n n 
= cos 720° + isin 720° = 1 +0% = 1. 


In the same way we see that all the n numbers 








1 2 a nl 
a, A, Hy, ree , Q 


are nth roots of 1. To go farther in the sequence of exponents or to 
use negative exponents would yield no new roots. Fora’ = 1/a = 
a"/a = a” anda” = 1,a"™” = (a)"a = l-a = a, etc., so that the 
previous values would simply be repeated. It is left as an exercise to 
show that there are no other nth roots. 

If n is even, then one of the vertices of the n-sided polygon will lie at 
the point — 1, in aeceordance with the algebraic fact that in this case — 1 
is an nth root of 1. 

The equation satisfied by the nth roots of 1 


(13) zx” —-1=0 

is of the nth degree, but it ean easily be reduced to an equation of the 
(n — 1)st degree. We use the algebraic formula 

(14) z” — l= (z — (2 + r p e +), 


Sinee the product of two numbers is 0 if and only if at least one of the 
two numbcrs is 0, the left hand side of (14) vanishes only if one of the 
two factors on the right hand side is zero, i.e. only if either x = 1, or 
the equation 


(15) eee Pe St tert 1 = 0 


is satisfied. This, then, is the equation which must be satisfied by 
the roots a, a’, --- a”; it is called the cyclotomic (cirele-dividing) 
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equaiton. For example, the complex eube roots of 1, 
a = cos 120° + i sin 120° = §4(—1 + i v⁄/3), 
a = cos 240° + i sin 240° = }(—1 — 74/3), 


WS wry 


are the roots of the equation 
vt2zt1=0, 


as the reader will readily see by direct substitution. Likewise the fifth 
roots of 1, other than 1 itself, satisfy the equation 


(16) gt+etrvtzt1=0. 


To construet a regular pentagon, we have to solve this fourth degree 
equation. By asimple algebraic device it can be reduced to a quadratic 
equation in the quantity w = z + 1/z. We divide (16) by z? and re- 
arrange the terms: 


otatrt  +1=0, 
or, since (x + 1/2) = z? + 1/2? + 2, we obtain the equation 
wtw—-1=0. 
By formula (7) of Article 1 this equation has the roots 
-14V nla v5. 


wy = — z) 


Hence the complex fifth roots of 1 are the roots of the two quadratic 
equations 


w, or z+ 4/5 — 1) +1=0, 


I 


1 
tt 


and 


I! 


c+) we, or x — 44/5 +1) +1=0, 


which the readcr may solve by the formula already used. 


Exercise: 1) Find the 6th roots of 1. 2) Find (1 + 4)", | 
3) Find all the different values of V/I + i, W/7 — ti, Vi, W/—7. 


1 
4) Calculate - (17 - 1-7), 
2i 
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*4. The Fundamental Theorem of Algebra 


Not only is every equation of the form az” + bz -+ ¢ = 0 or of the form 
x” — 1 = 0 solvable in the field of complex numbers, but far more is 
true: Every algebraic equation of any degree n with real or complex 
coefficients, 

(17) f(z) =z" + anat + an ar" +.--+ar+a=0, 

has solutions in the field of complex numbers. For equations of the 3rd 
and 4th degrees this was established in the sixteenth century by Tar- 
taglia, Cardan, and others, who solved such equations by formulas es- 
sentially similar to that for the quadratic equation, although much more 
complicated. For almost two hundred years the general equations of 
5th and higher degree were intensively studied, but all efforts to solve 
them by similar methods failed. It was a great achievement when the 
young Gauss in his doctoral thesis (1799) succeeded in giving the first 
complete proof that solutions ertsi, although the question of generalizing 
the classical formulas, which express the solutions of equations of degree 
less than 5 in terms of the rational operations plus root extraction, re- 
mained unanswered at the time. (See p. 118.) 

Gauss’s theorem states that for any algebraic equation of the form (17), 
where n is a posilive integer and the a’s are any real or even complex num- 
bers, there exists at least one complex number a = c + di such that 


f(a) = 0. 
The number a is called a root of the equation (17). A proof of this 
theorem will be given on page 269. Assuming its truth for the moment, 
we can prove what is known as the fundamental theorem of algebra (it 
should more fittingly be called the fundamental theorem of the complex 
number system): Every polynomial of degree n, 


(18) f(z) = z" baz” + -+ az + a, 
can be factored into the product of exacily n factors, 
(19) f(z) = (z — a)(z — a2) +--+ (£ — an), 
Where ay, 2, 3, +>- , Qn are complex numbers, the roots of the equation 
f(x) = 0. As an example illustrating this theorem, the polynomial 
f(x) =z —1 


may be factored into the form 


f(z) = (z — 1)(z — (z + (z + 1). 
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That the a’s are roots of the equation f(x) = 0 is evident from the 
factorization (19), since for x = œ, one factor of f(z), and hence f(z) 
itself, is equal to zero. 

In some cases the factors (x — a), (£ — az), °°: of a polynomial 


. 
roo no usl nat a 
hs FR PRELA LAWS CH 


ae 
on 


fe) =e? — 2z + 1 = (z — Di — 1), 

which has but one root, x = 1, “counted twice” or ‘‘of multiplicity 2.” 
In any case, a polynomial of degree n can have no more than n distinct 
factors (x — a) and the corresponding equation n roots. 

To prove the factorization theorem we again make use of the alge- 
braic identity 
(20) zt — oF = (z — a(t! + ar? p oft P+... tah" + a), 
which for a = 1 is merely the formula for the geometrical series. Since 
we are assuming the truth of Gauss’s theorem, we may suppose that 
a = a, is a root of equation (17), so that 

fla) = af + ania + a,20f ++. + aia + a = 
Subtracting this from f(x) and rearranging the terms, we obtain the 
identity 
(21) f(z) = f(z) — flan) = (” — af) + ana(z™" — af’) 
+ .-- + a(z — a), 
Now, because of (20), we may factor out (£z — a) from cvery term of 
(21), so that the degrec of the other factor of each term is reduced by 1. 
Hence, on rearranging the terms again, we find that 
f(z) = (z — a)g(z), 
where g(x) is a polynomial of degree n — 1: 
g(x) = z! + bye? +... + bye + by. 


(For our purposes it is quite unnecessary to calculate the coefficients 
bs.) Now we may apply the samc procedure to g(z). By Gauss’s 
theorem there exists a root a: of the equation g(z) = 0, so that 


g(z) = (z — a)h(z), 
where h(z) is a polynomial of degree n — 2. Proceeding a total of 
(n — 1) times in the same way (of course, this phrase is merely a sub- 


stitute for an argument by mathematical induction) we finally obtain 
the complete factorization 


(22) f(z) = (z — a)(z — aa) (z — ay) ++ (@ — an). 
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frm 


From (22) it follows not only that the complex numbers a, az, +++ , On 
are roots of the equation (17), but also that they are the only roots. For 
if y were a root of equation (17), then by (22) 


= fa; ENR fag my, as m 


Ju) = (y — ally — aœ) +--+ (Y — an) = 0. 
We have seen on page 94 that a product of complex numbers is equal to 
0 if and only if one of the factors is equal to 0. Hence one of the factors 


for — vw VY miet ha ft and » must ha egual tn mw as was tn ha show N. 
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*86. ALGEBRAIC AND TRANSCENDENTAL 
NUMBERS 


1. Definition and Existence 


An algebraic number is any number z, real or complex, that satisfies 
some algebraic equation of the form 


(1) anz” + anz" + “er + QIT + ay = 0 (n > l, On x£ 0) 


where the a: are integers. For example, +/2 is an algebraic number, 
since it satisfies the equation 
x —2=0, 

Similarly, any root of an equation with integer coefficients of third, 
fourth, fifth, or any higher degree, is an algebraic number, whether or 
not the roots can be expressed in terms of radicals. The concept of 
algebraic number is a natural generalization of rational number, which 
constitutes the special case when n = 1. 

Not every real number is algebraic. This may be shown by a proof, 
due to Cantor, that the totality of all algebraic numbers is denumerable. 
Since the set of all real numbers is non-denumerable, there must exist 
real numbers which are not algebraic. 

A method for denumerating the set of algcbraic numbers is as follows: 
To each equation of the form (1) the positive integer 


h = | an| + lanul+-->+lal+flal+n 
is assigned as its “height.” For any fixed value of h there are only a finite 


number of equations (1) with height h. Each of these equations can 
have at most n diferent roots. Therefore there can be but a finite 
number of algebraic numbers whose equations are of height A, and we 
can arrange all the algebraic numbers in a sequence by starting with 
those of height 1, then taking those of height 2, and so on. 


This proof that the set of algebraic numbers is denumerable assures 
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the existence of real numbers which are not algebraic; such numbers are 
called éranscendental, for, as Euler said, they ‘transcend the power of 
algebraic methods.” 

Cantor’s proof of the existence of transcendental numbers can hardly 
be called constructive. Theoretically, one could construct a transcen- 


. F] b 
dental number by applying Cantor’s diagonal process to a denumerated 


table of decimal expressions for the roots of algebraic equations, but this 
procedure would be quite impractical and would not lead to any number 
whose expression in the decimal or any other system could actually be 
written down. Moreover, the most interesting problems concerning 
transcendental numbers lie in proving that certain definite numbers 
such as w and e (these numbers will be defined on pages 297 and 299) 
are actually transcendental. 


**2. Liouville’s Theorem and the Construction of 
Transcendental Numbers 


A proof for the existence of transcendental numbers which antedates 
Cantor’s was given by J. Liouville (1809-1882). Liouville’s proof 
actually permits the construction of examples of such numbers. It is 
somewhat more difficult than Cantor’s proof, as are most constructions 
when compared with mere existence proofs. The proof is included here 
for the more advanced reader only, though it requires no more than 
high school mathematics. 

Liouville showed that irrational algebraic numbers are those which 
cannot be approximated by rational numbers with a very high degree 
of accuracy unless the denominators of the approximating fractions are 
quite large. 

Suppose the number z satisfies the algebraic equation with integer 
coefficients 


(2) f(z) = ap + az + aa? +... + ar” = 0 (a, = 0), 


but no such equation of lower degree. Then z is said to be an algebraic 
number of degree n, For example, z = +/2 is an algebraic number of 
degree 2, since it satisfies the equation z? — 2 = 0 but no equation of 
the first degree; z = ~/2 is of the third degree because it satisfies the 
equation z? — 2 = 0 and, as we shall see in Chapter III, no equation 
of lower degree. An algebraic number of degree n > 1 cannot be 
rational, since a rational number z = p/q satisfics the equation 
qz — p = 0 of degree 1. Now each irrational number z can be ap- 
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proximated to any desired degree of accuracy by a rational number; 
this means that we can find a sequence 


Pı p: eaa 
qı ’ Ge 1 
of rational numbers with larger and larger denominators such that 


Prz, 

Qr 
Liouville’s theorem asserts: For any algebraic number z of degree n > 1 
such an approximation must be less accurate than 1/qg”™’: i.e., the 


inequality 


(3) 


must hold for sufficiently large denominators q. 

We shall prove this theorem presently, but first we shall show how it 
permits the construction of transcendental numbers. Let us take the 
number (see p. 17 for the definition of the symbol n!) 


z = a107" + a 107" + a107 + eee + am 107™ 
- amy 10 (™*™! -+ saa 
0.aıa:000a,00000000000000000a,0000000 Žž -, 


where the a; are arbitrary digits from 1 to 9 (we could, for example, 
choose all the a; equal to 1). Such a number is characterized by 
rapidly increasing stretches of 0’s, interrupted by single non-zero digits. 
Let us denote by Zm the finite decimal fraction formed by taking only 
the terms of z up to and including a,-10 ™. Then 


(4) |z — 2m] < 10-10 677"), 


Suppose that z were algebraic of degree n. Then in (8) let us set 
p/q = Zm = p/10™, obtaining 


p l 
-P >h 





i 


1 
|2 = 2ml > jar 


for sufficiently large m. Combining this with (4), we should have 
l 10 l 


poto ~ omen! ~ oet 


so that (n + 1)m! > (m + 1)!— 1 for all sufficiently large m. But this 
is false for any value of m greater than n (the reader should give a de- 
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tailed proof of this statement), which gives a contradiction. Hence z 
is transcendental. 

It remains to prove Liouville’ s theorem. Suppose z is an algebraic 
number of degree n > 1 which satisfies (1), so that 


(5) f(z) = 
Let Zm = Dm/Gm be a sequence of rational numbers with Zm — z. Then 
f(2m) = fem) — f(z) = ai(@m — 2) + alz — 2°) +--+ + anla — 2”). 


Dividing both sides of this equation by zm — z, and using the algebraic 
formula 





— Z = u! puy pa H ww. tw? 4, 
we obtain 
Nend) _ l 
(6) T = at alem +2) + alza + tmz +2) + +s 


+ an(e eee $2"). 
Since Zm tends to z as a limit, it will differ from z by less than 1 for suffi- 


ciently large m. We can therefore write the following rough estimate 
for sufficiently large m: 


SG) en) 


Em — 





<la|+2|a]|((2|+1)+3|a | (2| + D+ 





(7) 

+nlal lz] + D= M, 
which is a fixed number, since z is fixed in our reasoning. If now we 
choose m so large that in Zm = Pra the denominator qm is larger than M, 


then 





— | fm) | | Flen) | 
(8) |z Em | > M > a ` 
For brevity let us denote Pm by p and qm by g. Then 
(9) Sen) | = LEa pt t anp” 


q” 
Now the rational number z,, = p/q cannot be a root of f(z) = 0, for if 
it were we could factor ont (z — Zm) from f(z), and z would satisfy an 
equation of degree less than n. Hence f(zm) = 0. But the numerator 
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of the right hand side of (9) is an integer, so it must be at least equal to 
1. Hence from (8) and (9) we have 
1 1 1 


10 zZ—-2,/>-—= ; 
(10) | | qo g” 





which proves the theorem, 

During the last few decades, investigations into the possibility of 
approximating algebraic numbers by rational numbers have been car- 
ried much farther. For example, the Norwegian mathematician A. 
Thue (1863-1922) proved that in Liouville’s inequality (3) the ex- 
ponent n + 1 may be replaced by (n/2) + 1. C. L. Siegel later showed 
that the even sharper statement (sharper for large n) with the exponent 
24/ n holds. 

The subject of transcendental numbers has always fascinated mathe- 
maticians. But until recently, very few examples of numbers interest- 
ing in themselves were known which could be shown to be transcenden- 
tal. (In Chapter III we shall discuss the transcendental character of 
x, from which follows the impossibility of squaring the circle with ruler 
and compass.) In a famous address to the international congress of 
matuematicians at Paris in 1900, David Hilbert proposed thirty mathe- 
matical problems which were easy to formulate, some of them in ele- 
mentary and popular language, but none of which had been solved nor 
seemed immediately accessible to the mathematical technique then 
existing. These “Hilbert problems” stood as a challenge to the sub- 
sequent period of mathematical development. Almost all have been 
solved in the meantime, and often the solution meant definite progress 
in mathematical insight and general methods One of the problems 
that seemed most hopeless was to prove that 


V2 


is a transcendental, or even that it is an irrational number. For almost 
three decades there was not the slightest suggestion of a promising line 
of attack on this problem. Finally Siegel and, independently, the young 
Russian, A. Gelfond, discovered new methods for proving the transcen- 
‘dental character of many numbers significant in mathematics, including 
the Hilbert number 2V? and, more generally, any number aè where 
ais an algebraic number = 0 or 1 and b is any irrational algebraic 
number. 


THE ALGEBRA OF SETS 


1. General Theory 


The concept of a class or set of objects is one of the most fundamental 
in mathematics. A set is defined by any property or attribute % which 


k + æ. + 
. v 
aanh object considered must either NoOSSess or not possess; tho 30 objects 


which possess the property form a corresponding set A. Thus, if we 
consider the integers, and the property A is that of being a prime, the 
corresponding set A is the set of all primes 2, 3, 5, 7, =. 

The mathematical study of sets is based on the fact that sets may be 
combined by certain operations to form other sets, just as numbers 
may be combined by addition and multiplication to form other numbers. 
The study of operations on sets comprises the “algebra of sets,” which 
has many formal similarities with, as well as differences from, the algebra 
of numbers. The fact that algebraic methods can be applied to the 
study of non-numerical objects like sets illustrates the great generality 
of the concepts of modern mathematics. In recent years it has become 
apparent that the algebra of sets illuminates many branches of mathe- 
matics such as measure theory and the theory of probability; it is also 
helpful in the systematic reduction of mathematical concepts to their 
logical basis. 

In what follows, J will denote a fixed set of objects of any nature, 
called the universal set or universe of discourse, and A, B, C. 
will denote arbitrary subsets of J. If J denotes the set of all integers, A 
may denote the set of all even integers, B the set of all odd integers, C 
the set of all primes, etc. Or Z might denote the set of all points of a 
fixed plane, A the set of ali points within some circle in the plane, B the 
set of all points within some other circle in the plane, etc. For con- 
venience we include as ‘‘subsets’”’ of J the set J itself and the “empty 
set” O which contains no elements. The aim of this artificial extension 
is to preserve the rule that. to each property A corresponds the subset 
A of all elements of I possessing this property. In case X is some uni- 
versally valid property such as the one specified by the trivial equation 
z = z, the corresponding subset of Z will be Z itself, since every object 

108 
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satisfies this equation, while if A is some self-contradictory property 
like z = z, the corresponding subset will contain no objects, and may 
be denoted by the symbol 0. 

The set A is said to be a subset of the set B if there is no object in A 
that is not alsoin B. When this is the case we write 


ACB or BOA. 


For example, the set A of all integers that are multiples of 10 is a sub- 
set of the set B of all integers that are multiples of 5, since every 
multiple of 10 is also a multiple of 5. The statement A C B does not 
exclude the possibility that B C A. If both relations hold, we say that 
the sets A and B are equal, and write 


A =B. 


For this to be true every element of A must be an element of B, and 
conversely, so that the sets A and B contain exactly the same elements. 

The relation A C B has many similarities with the order relation 
a < b between real numbers. In particular, it is true that 


1) ACA. 
2) IfA C Band B CA, then A = B. 
3) IfA CBandBCC,thenA CC. 


For this reason we also call the relation A © B an “order relation.” 
Its chief difference from the relation a < b for numbers is that, while 
for every pair of numbers a and b at least one of the relations a < b or 
b < a always holds, this is not true for sets. For example, if A denotes 
the set consisting of the integers 1, 2, 3, 


A = f1, 2, 3}, 
and B the set consisting of the integers 2, 3, 4, 
B = {2, 3, 4}, 


then neither A C B nor B CA. For this reason, the relation A C B 
is said to determine a partial ordering among sets, whereas the rela- 
tion a < b determines a complete ordering among numbers. 

In passing, we may remark that from the definition of the relation 
A C R it follows that 


4) O CA for any set A, and, 
5) ACT, 
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where A is any subset of the universe of discourse Z. The relation 
4) may seem somewhat paradoxical, but it is in agreement with a strict 
interpretation of the definition of the sign C. For the statement O C A 
could be false only if the empty set O contained an object not in 4A, 
and since the empty set contains no objects at all, this is impossible no 
matter what the set A. 

We shall now define two operations on sets which have many of the 
algebraic properties of ordinary addition and multiplication of numbers, 
though they are conceptually quite distinct from those operations. To 
this end, let A and B be any two sets. By the “union” or “logical 
sum” of A and B we mean the set which consists of all the objects 
which are in either A or B (including any that may be in both). This 
set we denote by the symbol A + B. By the “intersection” or “logical 
product” of A and B we mean the set consisting only of those elements 
which are in both A and B. This set we denote by the symbol A-B or 
simply AB. To illustrate these operations, we may again choose as 
A and B the sets 


A = {1,2,3}, B = {2,3, 4}. 
Then A+ B= {1,2,3,4}, AB= {2,3}. 


Among the important algebraic properties of the operations A + B 
and AB we list the following. They should be verified by the reader 
on the basis of the definition of these operations: 


6)A+B=B+4+A4 7) AB= BA 
8) A+(B+C)=(A+B)+C 9) A(BC) = (AB)C 

10) A+A=A 11) AA =A 

12) A(B+ C) = (AB + AC) 13) A + (BC) = (A + B)(A + ©) 
14) A+0=A 15) A= A 

16) A+I=1 17) AO = 0 


18) the relation A C B is equivalent to either of the two relations 
A+ B= 8B, AB=A. 


The verification of these laws is a matter of clementary logic. For 
example, 10) states that the set consisting of those objects which are 
either in A or in A is precisely the set A, while 12) states that the sct 
consisting of those objects which are in A and also in either B or C is 
the same as the set consisting of those objects which are either in both 
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A and B or in both A and C. The logical reasoning involved in this 
and other arguments may be illustrated by representing the sets A, B, C 
as areas in a plane, provided that one is careful to provide for all the 
possibilities of the sets involved having elements distinet from and in 
common with each other. 





AB 


Fig. 26. Union and intersection of seta, 


The reader will have observed that the laws 6, 7, 8, 9, and 12 are 
identical with the familiar commutative, associative, and distributive 
laws of algebra. It follows that all rules of the ordinary algebra of 
numbers which are consequences of the commutative, associative, and’ 
distributive laws are also valid in the algebra of sets. The laws 10, 11, 
and 13, however, have no numerical analogs, and give the algebra of 
sets a simpler structure than the algebra of numbers. For example, 
the binomial theorem of ordinary algebra is replaced in the algebra of 
sets by the equality 


(A+ B)"=(A+B).(A+B).----(A +B) =A4+B 


which is a conscquence of 11. Laws 14, 15, and 17 indicate that the 
properties of O and J with respect to union and intersection of sets are 
largely similar to the properties of the numbers 0 and 1 with respect to 
ordinary addition and multiplication. J.aw 16 has no analog in the 
algebra of numbers. 

It remains to define one further operation in the algebra of sets. Let 
A be any subset of the universal set Z. Then by the complement of A 
in I we mean the set which consists of all the objects in J which are not 
in A. This set we denote by the symbol A’. Thus if Z is the set of all 
natural numbers and A the set of primes, A’ consists of 1 and the compos- 
ites. The operation A’, which has no exact analog in the algebra of 
numbers, possesses the following properties: 
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19) A+ dá'=1ł 20) AA’ =O 

21) = 22) [' =O 

23) Av =A 

24) The relation A C B is equivalent to the relation B’ C A’. 
25) (A + BY = A'R' 26) (AB)’ = A’ + BP. 


Again we shall leave the verification of these laws to the reader. 
The laws 1 to 26 form the basis of the algebra of sets. They possess 
the remarkable property of “duality,” in the following sense: 


If in any one of the laws 1 to 26 the symbols 
C and > 
O and I 
+ and 


are everywhere interchanged (insofar as they appear), then the result is 

again one of these laws. 
For example, the law 6 becomes 7, 12 becomes 13, 17 becomes 16, etc. 
It follows that to any theorem which can be proved on the basis of the laws 
1 to 26 there corresponds another, ‘‘dual,’’ theorem, obtained by making 
the interchanges above. For, since the proof of any theorem will consist 
of the successive application at each step of certain of the laws 1 to 26, 
the application at each step of the dual law will provide a proof of 
the dual theorem. (For a similar duality in geometry, see Chapt. IV.) 


2. Application to Mathematical Logic 


The verification of the laws of the algebra of sets rested on the analysis 
of the logical meaning of the relation A C B and the operations A + B, 
AB, and A’. We can now reverse this process and use the laws 1 to 26 
as the basis for an “algebra of logic.” More precisely, that part of 
logic which concerns sets, or what is equivalent, properties or attributes 
of objects, may be reduced to a formal algebraic system based on the 
laws 1 to 26. The logical “universe of discourse” defines the set J; 
each property or attribute YU of objects defines the set A consisting of all 
objects in I which possess thts attribute. The rules for translating the 
usual logical terminology into the language of sets may be illustrated 
by the following examples: 


“Either A or B” A+B 


“Both A and B” AB 
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“Not A” At 
“Neither 4 nor B” (A + B)‘, or equivalently, A’B’ 
“Not both A and B” (AB)’, or equivalently, A’ + B’ 


“All A are B” or “If Athen B” or“A A CB 
implies B” 


“Some A are B” AB#0O 
“No A are B” AB=0 
“Some A are not B” AB’ # 0 
“There are no A” A=0 


In terms of the algebra of sets, the syllogism “Barbara,” which states: 
“Tf all A are B, and all B are C, then all A are C,” becomes simply 


3) IfA CBandB CC then A CC. 


Likewise, the “law of contradiction,” which states: “An object cannot 
both possess an attribute and not possess it,” becomes 


20) 4A’ =O, 


while the “law of excluded middle” which states: “An object must either 
possess & given attribute or not possess it” becomes 


19) A+A =I. 


Thus the part of logic which is expressible in terms of the symbols C, 
+, », and ’ can be treated as a formal algebraic system, subject to the 
laws 1 to 26. This fusion of the logical analysis of mathematics with 
the mathematical analysis of logic has resulted in the creation of a new 
discipline, mathematical logic, which is now in the process of vigorous 
development. 

From the point of view of axiomatics, it is a remarkable fact that the 
statements 1 to 26, together with all other theorems of the algebra of 


sets, can be deduced from the following three equations: 
A+B=B+A4A 

27) (A+ B)+C=A+4+(B+0C) 
(A’ + B’)’ + (A'+ BY =A. 
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ments taken as axioms. When this is done, the operation AB and the 
order relation A C B are defined in terms of A + B and A’: 


AB means the set (A’ + B’)’ 
A C B means that A + B = B. 


A quite different example of a mathematical system satisfying all the 
formal laws of the algebra of sets is provided by the eight numbers 
1, 2, 3, 5, 6, 10, 15, 30, where a + b is defined to mean the least common 
multiple of a and b, ab the greatest common divisor of a and b, a C b 
the statement “a is a factor of b,” and a’ the number 30/a. The 
existence of such examples has led to the study of general algebraic 
systems satisfying the laws 27). These systems are called “Boolean 
algebras” in honor of George Boole (1815-1864), an English mathema- 
tician and logician whose book, An Investigation of the Laws of Thought, 
appeared in 1854. 


3. An Application to the Theory of Probability 


The algebra of sets greatly illuminates the theory of probability. To con- 
sider only the simplest case, let us imagine an experiment with a finite number 
of possible outcomes, all of which are assumed to be ‘‘equally likely.” The experi- 
ment may, for example, consist of drawing a card at random from a well-shuffled 
deck of 52 cards. If the set of possible outcomes of the experiment is denoted by 
I, and if A denotes any subset of /, then the probability that the outeome of the 
experiment will belong to the subset A is defined to be the ratio 

number of elements in A 
p(A) = ———___—.. e. 
number of elements in T 
If we denote the number of elements in any set A by the symbol n(A), then this 
definition may be written in the form 


n(A) 
1) A) = — 
( p(A) atl)" 
In our example, if A denotes the subset of hearts, then n(A) = 13, n(J) = 52, 
13 I 
and p(A) = 527 4 


The concepts of the algebra of sets enter into the calculation of probabilities 
when the probabilities of certain sets are known and the probability of others are 


eer | T. Emm ma Peg e PE -n f D P | aar 
required. ror example, diiil HA knowledge a p(A), p(B), 400 p(AB) We may 
compute the probability of p(A + B): 

(2) p(A + B) = p(A) + p(B) — p(AB). 


The proof is simple. We have 


n(A + B) = n(A) + n(B) — n(AB), 
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since the elements common to A and B, i.e. the elements in AB, will be counted 
twice in the sum n(A) + n(B), and hence we must subtract n(AB) from this sum 
in order to obtain the correct count for n(A + B). Dividing each term of this 
equation by n(/), we obtain equation (2). 

A more interesting formula arises when we consider three gubsets, A, B, C, 
of I. From (2) we have 

p(A + B + C) = pi(A + B) + C] = p(A + B) + p(C) — pi(A + BC]. 
From (12) of the preceding section we know that (A + B)C = AC + BC, Henco 

pi(A + B)C] = p(AC + BC) = p(AC) + p(BC) — p(ABC). 


Substituting in the previous equation this value for p[(A + B)C] and the value 
of p(A + B) given by (2), we obtain the desired formula: 


p(A + B+ C) = p(A) + p(B) 
+ p(C) — p(AB) — p(AC) — p(BC) + p(ABC). 


As an example, let us consider the following experiment. The three digits 
1, 2, 3 are written down in random order. What is the probability that at least 
one digit will occupy its proper place? Let A denote the set of all arrangements 
in which the digit 1 comes first, B the set of all arrangements in which the digit 
2 comes second, and C the set of all arrangements in which the digit 3 comes third. 
Then we wish to calculate p(A + B+ C). It is clear that 


p(A) = p(B) = p(C) = 3 = į; 
for when one digit occupies its proper place there are two possible orders for the 


remaining digits out of a total of 3-2-1 = 6 possible arrangements of the threa 
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digits. Moreover, 


(3) 


p(AB) = p(AC) = p(BC) = 3 
and 
p(ABC) = }, 


sinee there is only one way in which each of these cases may occur. It follows 
from (3) that 


pA+B+C)=3-4—- 38) +4 
=1—4+}= 7 = 0.6666... 


Exercise: Find a corresponding formula for p(A + B + C + D) and apply it 
to the case of four digits. The corresponding probability is } = 0.6250. 
The gencral formula for the union of n subsets is 


p(A, + Artes) + An) = Z plA:)— z p(AiA;) + Z p(AiA; Ax) 
(4) 
= se> + p(A, A; e An), 
where the symbols Z, 2, 2, --+,% stand for summation of the possible com- 
binations of the sets 4,, Ay, =, An taken one, two, three, +++, (n — 1) ata 
time. This formula may be established by mathematical induction in precisely 
the same way that we derived (3) from (2). From (4) it is easy to show that if 
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the n digits 1, 2, 3, --- , n are written down in random order, the probability that 
at least one digit will occupy its proper place is 

ie. . 1,1 1 oil 

uo =m | = — — = oP = —~; 

97 Pn 21°31 41. n! 

where the last term is taken with a plus or minus sign according as n is odd or 
even. In particular, for n = 5 the _ is 


1 19 


=1l——-+-—-+-=— = 0.63 
Ds S+ ate 0 0.63333 - 
We shall see in Chapter VIH that as n tends to infinity the expression 
1 1 1 1 
Se organ a 
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Pa —> 1 — 1/e = „63212. 


CHAPTER III 


GEOMETRICAL CONSTRUCTIONS. THE ALGEBRA OF 
NUMBER FIELDS 


INTRODUCTION 


Construction problems have always been a favorite subject in geom- 
etry. With ruler and compass alone a great variety of constructions 
may be performed, as the reader will remember from school: a line seg- 

ment or an angle may be bisected, a line may be drawn from a point 
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pees Pas VU w gaY LiU Ce LUM Uai HvV ssi wf HO Bee AJUMA 


circle, ete. In all these problems the ruler is used merely as a straight- 
edge, an instrument for drawing a straight line but not for measuring 
or marking off distances. The traditional restriction to ruler and com- 
pass alone goes back to antiquity, although the Greeks themselves did 
not hesitate to use other instruments. 

One of the most famous of the classical construction problems is 
the so-called contact problem of Apollonius (cirea 200 B.C.) in which 
three arbitrary circles in the plane are given and a fourth circle tangent 
to all three is required. In particular, it is permitted that one or more 
of the given circles have degenerated into a point or a straight line 
(a “circle” with radius zero or “infinity,” respectively). For example, 
it may be required to construct a circle tangent to two given straight 
lines and passing through a given point. While such special cases are 
rather easily dealt with, the general problem is considerably more 
difficult. 

Of all construction problems, that of constructing with ruler and 
compass a regular polygon of n sides has perhaps the greatest interest. 
For certain values of n—e.g. n = 3, 4, 5, 6 - the solution has been known 
since antiquity, and forms an important part of school geometry. But 
for the regular heptagon (n = 7) the construction has been proved 
impossible. There are three other classical Greek problems for which 
a solution has been sought in vain: to trisect an arbitrary given angle, 
to double a given cube (i.e. to find the edge of a cube whose volume shall 
be twice that of a cube with a given segment as its edge) and to square 
the circle (i.e. to construct a square having the same area as a given 
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circle). In all these problems, ruler and compass are the only instru- 
ments permitted. 

Unsolved preblems of this sort gave rise to one of the most remarkable 
and novel developments in mathematics, when, after centuries of futile 
search for solutions, the suspicion grew that these problems might be 
definitely unsolvable. Thus mathematicians were challenged to investi- 
gate the question: How is tt possible to prove that certain problems cannot 
be solved? 

In algebra, it was the problem of solving equations of degree 5 and 
higher which led to this new way of thinking. During the sixteenth 
century mathematicians had learned that algebraic equations of degree 
3 or 4 could be solved by a process similar to the elementary method 
for solving quadratic equations. All these methods have the following 


characteristic in common: the solutions or “roots” of the equation can 
be written as algebraic expressions obtained from the coefficients of the 
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equation by a sequence of operations, each of which is either a rational 
operation—addition, subtraction, multiplication, or division-~or the ex- 
traction of a square root, cube root, or fourth root. One says that 
algebraic equations up to the fourth degrce can be solved “by radicals” 
(radix is the Latin word for root). Nothing seemed more natural 
than to extend this procedure to equations of degree 5 and higher, by 
using roots of higher order. All such attempts failed. Even distin- 
guished mathematicians of the eighteenth century deceived themselves 
into thinking that they had found the solution. It was not until early 
in the nineicenth century that the Italian Ruffini (1765 1822) and the 
Norwegian genius N. H. Abel (1802-1829) conceived the then revolu- 
tionary idea of proving the impossibility of the solution of ihe general 
algebraic equation of degree n by means of radicals. One must clearly 
understand that the question is not whether any algebraic equation of 
degree n possesses solutions. This fact was first proved by Gauss in 
his doctoral thesis in 1799. So there is no doubt about the erislence 
of the roots of an equation, especially since these roots can be found by 
suitable procedures to any degree of accuracy. The art of the nu- 
merical solution of equations is, of course, very important and highly 
developed. But the problem of Abel and Ruffini was quite differcnt: 
can the solution be effected by means of rational operations and radicals 
alone? It was the desire to attain full clarity about this question that 
inspired the magnificent development of modern algebra and group 
theory started by Ruffini, Abel, and Galois (1811-1832). 

The question of proving the impossibility of certain geometrical con- 
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structions provides one of the simplest examples of this trend in algebra. 
By the use of algebraic concepts we shall be able in this chapter to 
prove the impossibility of trisecting the angle, constructing the regular 
heptagon, or doubling the cube, by ruler and compass alone. (The 
problem of squaring the circle is much more difficult to dispose of; see 
p. 140.) Our point of departure will be not so much the negative question 
of the impossibility of certain constructions, but rather the positive 
question: How can all constructible problems be completely charac- 
terized? After we have answered this question, it will be an easy 
matter to show that the problems mentioned above do not fall into this 
category. 

At the age of seventeen Gauss investigated the constructibility of 
regular “p-gons” (polygons with p sides), where p is a prime number. 
The construction was then known only for p = 3 and p = 5. Gauss 
discovered that the regular p-gon is constructible if and only if p is a 
prime “Fermat number,” 


p= F +1. 


The first Fermat numbers are 3, 5, 17, 257, 65537 (see p. 26). So 
overwhelmed was young Gauss by his discovery that he at once gave 
up his intention of becoming a philologist and resolved to devote his 
life to mathematics and its applications. He always looked back on 
this first of his great feats with particular pride. After his death, a 
bronze statue of him was erected in Goettingen, and no more fitting 
honor could be devised than to shape the pedestal in the form of a 
regular 17-gon. 

When dealing with a geometrical construction, one must never forget 
that the problem is not that of drawing figures in practice with a certain 
degree of accuracy, but of whether, by the use of straightedge and 
compass alone, the solution can be found theoretically, supposing our 
instruments to have perfect precision. What Gauss proved is that his 
constructions could be performed in principle. His theory does not 
concern the simplest way actually to perform them or the devices which 
could be used to simplify and to cut down the number of necessary steps. 
Tbis is a question of much less theoretical importance. From a prac- 
tical point of view, no such construction would give as satisfactory a 
result as could be obtained by the use of a good protractor. Failure 
properly to understand the theoretical character of the question of geo- 
metrical construction and stubbornness in refusing to take cognizance 
of well-established scientific facts are responsible for the persistence of 
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an unending line of angle-trisectors and circle-squarers. Those among 
them who are able to understand elementary mathematics might profit 
by studying this chapter. 

Once more it should be emphasized that in some ways our concept 
of geometrical construction seems artificial. Ruler and compass are 
certainly the simplest instruments for drawing, but the restriction to 
these instruments is by no means inherent in geometry. As the Greek 
mathematicians recognized long ago, certain problems—for example 
that of doubling the cube—can be solved if, e.g., the use of a ruler in the 
form of a right angle is permitted; it is just as easy to invent instruments 
other than the compass by means of which one can draw ellipses, hyper- 


] srl hl, 
bolas, and more complicated curves, and whose use enlarges considerably 


the domain of constructible figures. In the next sections, however, we 
shall adhere to the standard concept of geometrical constructions using 
only ruler and compass. 


PART I 
IMPOSSIBILITY PROOFS AND ALGEBRA 


§1. FUNDAMENTAL GEOMETRICAL CONSTRUCTIONS 


1. Construction of Fields and Square Root Extraction 


To shape our general ideas we shall begin by examining a few of the 
classical constructions. The key to a more profound understanding 
lies in translating the geometrical problems into the language of algebra. 
Any geometrical construction problem is of the following type: a certain 
set of line segments, say a, b, c,-+-, is given, and one or more other 
segments z, y,---, are sought. It is always possible to formulate prob- 
lems in this way, even when at first glance they have a quite different 
aspect. The required segments may appear as sides of a triangle to be 
constructed, as radii of circles, or as the rectangular coGdrdinates of 
certain points (see e.g. p. 137). For simplicity we shall suppose that 
only one segment z is required. The geometrical construction then 
amounts to solving an algebraic problem: first we must find a relation- 
ship (equation) between the required quantity z and the given quanti- 
ties a, b, c, +*+ ; next we must find the unknown quantity z by solving 
this equation, and finally we must determine whether this solution can 
be obtained bv aleebraic processes that correspond to ruler and compass 
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constructions. It is the principle of analytic geometry, the quantita- 
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tive characterization of geometrical objects by real numbers, based on 
the introduction of the real number continuum, that provides the 
foundation for the whole theory. 

First we observe that some of the simplest algebraic operations corre- 
spond to elementary geometrieal constructions. If two segments are 
given with lengths a and b (as measured by a given “unit” segment), 
then it is very easy to construct a + b, a — b, ra (where r is any rational 
number), a/b, and ab. 

To construct a + b (Fig. 27) we draw a straight line and on it mark 
off with the compass the distances OA = a and AB = b. Then OB = 
a + b. Similarly, for a — b we mark off OA = a and AB = b, but 
this time with AB in the opposite direction from OA. Then OB = 
a — b. To construct 3a we simply add a + a + a; similarly we can 
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Fig. 27. Conatruction of a + banda — b. Fig. 28. Construction uf a/3. 
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Fig. 29. Construction of a/b. Fig. 30. Construction of ab. 


construct pa, where p is any integer, We construct a/3 by the following 
device (Fig. 28): we mark off OA = a on one line, and draw any second 
line through O. On this line we mark off an arbitrary segment OC = ec, 
and construct OD = 3c. We connect A and D, and draw a line through 
C parallel to AD, intersecting OA at B. The triangles OBC and OAD 
are similar; hence OB/a = OB/OA = OC/OD = 1/3, and OB = a/3. 
In the same way we can construct a/q, where q is any integer. By 
performing this operation on the segment pa, we can thus construct ra, 
where r = p/q is any rational number. 

To construct a/b (Fig. 29) we mark off OB = b and OA = a on the 
sides of any angle O, and on OB we mark off OD = 1. Through D we 
draw a line parallel to AB meeting OA in C. Then OC will have the 
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length a/b, The construction of ab is shown in Figure 30, where A Disa 
line parallel to BC through A. | 

From these considerations it follows that the “rational” algebraic proc- 
esses,—addition, subtraction, multiplication, and division of known 
quantities—can be performed by geometrical constructions. From any 
given segments, measured by real numbers a, b, c, --- , we can, by suc- 
cessive application of these simple constructions, construct any quantity: 
that is expressible in terms of a, b, c, --- in a rational way, i.e. by re- 
peated application of addition, subtraction, multiplication and division. 
The totality of quantities that can be obtained in this way from 
a, b, c +++ constitute what is called a number field, a set of numbers 
such that any rational operations applied to two or more members of 
the set again yield a number of the set. We recall that the rational 
numbers, the real numbers, and the complex numbers form such fields. 
In the present case, the field is said to be generated by the given numbers 
a, b, cy eee. 

The decisive new construction which carries us beyond the field just 
obtained is the extraction of a square root: if a segment a is given, 
then y'a can also be constructed by using 
only ruler and compass. On a straight line we 
mark off OA = a and AB = 1 (Fig. 31). We 
draw a circle with the segment OB as its dia- 
meter and construct the perpendicular to OB 
through A, which meets the circle in C. The 
triangle OBC has a right angle at C, by the 
theorem of elementary geometry which states that an angle inscribed 
in a semicircle is a right angle. Hence, ZOCA = ZABC, the right 
triangles OAC and CAB are similar, and we have for z = AC, 





Fig. 31, Construction of ya. 
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2. Regular Polygons 


Let us now consider a few somewhat more elaborate construction 
problems. We begin with the regular decagon. Suppose that a regular 
decagon is inscribed in a circle with radius 1 (Fig. 32), and call its 
side z. Since z will subtend an angle of 36° at the center of the circle, 
the other two angles of the large triangle will each be 72°, and hence 
the dotted line which bisects angle A divides triangle OAB into two 
isosceles triangles, each with equal sides of length z. The radius of the 
circle is thus divided into two segments, z and 1 — z. Since OAR is 


REGULAR POLYGONS 123 


similar to the smaller isosceles triangle, we have 1/z = x/(1 — r). 
From this proportion we get the quadratic equation z? + z — 1 = 0, 
the solution of which is z = (1/5 — 1)/2. (The other solution of the 
equation is irrelevant, since it yields a negative x.) From this it is 
clear that z can be constructed geometrically. Having the length z, we 
may now construet the regular decagon by marking off this length ten 
times as a chord of the circle. The regular pentagon may now be 
constructed by joining alternate vertices of the regular decagon. 


Instead of constructing 4/5 by the method of Figure 31 we can also obtain 
it as the hypotenuse of a right triangle whose other sides have lengths 1 and 2. 
We then obtain x by subtracting the unit length from 4/5 and bisecting the result. 


The ratio OB: AB of the preceding problem has been called the 
golden ratio, because the Greek mathematicians considered a rectangle 
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Fig. 32 Regular decagon. Fig. 33. Regular hexagon. 


whose two sides are in this ratio to be aesthetically the most pleasing. 
Tts value incidentally, ig ahout 1.62 
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Of all the regular polygons the hexagon is simplest to construct. We 
start with a circle of radius r; the length of the side of a regular hexagon 
inscribed in this circle will then be equal to r. The hexagon itself can 
be constructed by successively marking off from any point of the circle 
chords of length r until all six vertices are obtained. 

From the regular n-gon we can obtain the regular 2n-gon by bisecting 
the arc subtended on the circumscribed circle by each edge of the n-gon, 
using the additional points thus found as well as the original vertices for 
the required 2n-gon. Starting with the diameter of a circle (a “2-gon”), 
we can therefore construct the 4, 8, 16, --- ,2”-gon. Similarly, we can 
obtain the 12-, 24-, 48-gon, etc. from the hexagon, and the 20-, 40-gon, 
etc. from the decagon. 
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If s, denotes the length of the side of the regular n-gon inseribed in the unit 
circle (circle with radius 1), then the side of the 2n-gon is of length 


=V- vai 


This may be proved as follows: In Figure 34 s, is equal to DE = 2DC, 4a, equal 
to DB, and AB equal to 2. The area of the right triangle ABD is given by 
į¿BD-AD and by $AB-:CD. Since AD = VÃ — DM, we find, by substituting 
AB = 2, BD = 8m, CD = $s, , and by equating the two expressions for the area, 





n= ain 4 = Bin or Sa = Sin (4 — Sin). 


Solving this quadratic equation for £ = 53, and observing that x must be less 
than 2, one easily finds the formula given above. 


fe 


Fig. H. 


From this formula and the fact that s, (the side of the square) is equal to V2 
it follows that 


a= V2- V2, w= V2- V24 V2, 


s= 4/25 V21 V2 Ji, etc. 


As a general formula we obtain, for n > 2, 


8 ~W2-Ve4Veq + V2 


with n — 1 nested square roots. The circumference of the 2"-gon in the circle 
is 2"s7. As n tends to infinity, the 2"-gon tends to the circle. Hence 28,5 
approaches the length of the circumference of the unit circle, which is by defini- 
tion 2x. Thus we obtain, by substituting m for n — 1 and cancelling a factor 2, 
the limiting formula for xr: 


2 Von, 4f,, |. 
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m square roota 
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Ezercise: Since 2% — « » prove as a consequence that 
Vit VR +2 +2 as no, 
n square roots. 


The results obtained thus far exhibit the following characteristic 
feature: The sides of the 2"-gon, the 5-2”-gon, and the 3-.2"-gon, can all 
be found entirely by the processes of addition, subtraction, multiplication, 
division, and the extraction of square roots. 





*3. Apollonius’ Problem 


Another construction problem that becomes quite simple from the 
algebraic standpoint is the famous contact problem of Apollonius already 
mentioned. In the present context it is unnecessary for us to find a 
particularly elegant construction. What matters here is that in prin- 
ciple the problem can be solved by straightedge and compass alone. 
We shall give a brief indication of the proof, leaving the question of a 
more elegant method of construction to page 161. 

Let the centers of the three given circles have coérdinates (zı, yı), 
(Ze, Y2) and (23, ya), respectively, with radii rı , r2, and rs. Denote the 
center and radius of the required circle by (z, y) andr. Then the condi- 
tion that the required circle be tangent to the three given circles is 
obtained by observing that the distance between the centers of two 
tangent circles is equal to the sum or difference of the radii, according 
as the circles are tangent externally or internally. This yields the 
equations 


(1) (z — 2) + uy- ynrin = 
(2) (z — a)’ + (y — yY- (rtr = 0, 
(3) (x — 2) + (y—y)’ — r try)? = 
or 


(la) ot + y — r — 2rr — Qyy, + Wn + zi + yj — ri = 0, 

etc. The plus or minus sign is to be cliosen in each of these equations 
according as the circles are to be externally or internally tangent. (See 
Fig. 35.) Equations (1), (2), (3) are three quadratic equations in three 
unknowns z, y, r with the property that the second degree terms are 
the same in each equation, as is seen from the expanded form (la). 
Hence, by subtracting (2) from (1), we get a linear equation in z, y, r 
(4) ax + by + cr =d, 

where a = 2(z. — zı), etc. Similarly, by subtracting (3) from (1), we 
get another linear equation, 


(5) awe+tby+cr=d'. 
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Solving (4) and (5) for z and y in terms of r and then substituting in (1) 
we get a quadratic equation in r, which can be solved by rational opera- 
tions and the extraction of a square root (see p. 91). There will in 
general be two solutions of this equation, of which only one will be 
positive. After finding r from this equation we obtain z and y from the 
two linear equations (4) and (5). The circle with center (z, y) and 
radius r will be tangent to the three given circles. In the whole process 
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follows that r, z, and y can be constructed by ruler and compass alone. 


Fig. 35. Apollonius circles. 


NS 


There will in general be eight solutions of the problem of Apollonius, 
corresponding to the 2.2.2 = 8 possible combinations of + and — signs 
in equations (1), (2), and (3). These choices correspond to the condi- 
tions that the desired circles be externally or internally tangent to each 
of the three given circles. It may happen that our algebraic procedure 
does not actually yield real values for z, y, and r. This will be the 
case, for example, if the three given circles are concentric, so that no 
solution to the geometrical problem exists. Likewise, we must expect 
possible “degenerations” of the solution, as in the case when the three 
given circles degenerate into three points on a line. Then the Apol- 
lonius circle degenerates into this line. We shall not discuss these 
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possibilities in detail: 
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able to complete the analysis. 


*§2, CONSTRUCTIBLE NUMBERS AND NUMBER FIELDS 
1. General Theory 


Our previous discussion indicates the general algebraic background 
of geometrical constructions. Every ruler and compass construction 
consists of a sequence of steps, each of which is one of the following: 
1) connecting two points by a straight line, 2) finding the point of 
intersection of two lines, 3) drawing a circle with a given radius about 
a point, 4) finding the points of intersection of a circle with another 
circle or with a line. An element (point, linc, or circle) is considered to 
be known if it was given at the outset or if it has been constructed in 
some previous step. For a theoretical analysis we may refer the whole 
construction to a coérdinate system z, y (see p. 73). The given ele- 
ments will then be represented by points or segments in the z, y plane. 
If only one segment is given at the outset, we may take this as the unit 
length, which fixes the point z = 1, y = 0. Sometimes there appear 
“arbitrary” elements: arbitrary lines are drawn, arbitrary points or radii 
are chosen. (An example of such an arbitrary element appears in 
constructing the midpoint of a segment; we draw two circles of equal 
but arbitrary radius from each endpoint of the segment, and join their 
intersections.) In such cases we may choose the element to be rational; 
ie. arbitrary points may be chosen with rational coordinates z, y, arbi- 
trary lines az + by + c = 0 with rational coefficients a, b, c, arbitrary 
circles with centers having rational coérdinates and with rational radii. 
We shall make such a choice of rational arbitrary elements throughout; 
if the elements are indeed arbitrary this restriction cannot affect the 
result of a construction. 

For the sake of simplicity, we shall assume in the following discussion 
that only one clement, the unit length 1, is given at the outset. Then 
according to §1 we can construct by ruler and compass all numbers 
that can be obtained from unity by the rational processes of addition, 
subtraction, multiplication and division, i.e. all the rational numbers 
r/s, where r and s are integers. The system of rational numbers is 
“closed” with respect to the rational operations; that is, the sum, differ- 
ence, product, or quotient of any two rational numbers—- excluding divi- 
sion by 0, as always--is again a rational number. Any set of numbers 
possessing this property of closure with respect to the four rational 
operations is called a number field. 
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Exercise: Show that every field contains all the rational numbers at least. 
(Hint: If a + 0 is a number in the field F, then a/a = 1 belongs to F, and from 1 
we can obtain any rational number by rational operations.) 


Starting from the unit, we can thus construct the whole rational 
number field and hence all the rational points (i.e. points with both 
coérdinates rational) in the z, y plane. We can reach new, irrational, 
numbers by using the compass to construct e.g. the number +/2. which, 
as we know from Chapter II, §2, is not in the rational field. Having 
constructed +/2 we may then, by the “rational” constructions of §1, 
find all numbers of the form 


(1) at bvV/2, 
where a, b are rational, and therefore are themselves constructible. We 
may likewise construct all numbers of the form 
a + bv/2 
c+ dV/2 
where a, b, c, d are rational, These numbers, however, may always be 
written in the form (1). For we have 


at bV2_a+tbvy2 c—dv2 
e+ d/2 ctd/2 c— dv? 

_ ac — 2bd , be — ad _ 

= nog t atop V2 =P + 9Vv2, 
where p, q are rational. (The denominator c’ — 2d’ cannot be zero, 
for if ê — 2d’ = 0, then »/2 = c/d, contrary to the fact that +/2 is 
irrational.) Likewise 


(a + bv/2)(c + dv/2) = (ac + 2bd) + (be + ad)s/2 = r + sr/2, 


where r, $ are rational. Hence all that we reach by the construction 
of +/2 is the set of numbers of the form (1), with arbitrary rational a, b. 


Exercises: From p = 1 + 4/2, ¢ = 2— +/2,r = —3 + +/2 obtain the numbers 


P 3 -m P par 
g PtP, (p PY IEn’ gpr’ 


or (a + bv/2)(c + dv/2), 











in the form (1). 


These numbers (1) again form a field, as the preceding discussion 
shows. (That the sum and difference of two numbers of the form (1) 
are also of the form (1) is obvious.) This field is larger than the rational 
field, which is a part or subfield of it. But, of course, it is smaller 
than the field of all real numbers. Let us call the rational field Fo and 
the new field of numbers of the form (1), F:. The constructibility of 
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every number in the ‘‘extension field” F, has been established. We may 
now extend the scope of our constructions, e.g. by taking a number 
of F,, say k = 1 + +/2, and extracting the square root, thus obtaining 
the constructible number 


Vi+V/2= Vk, 


and with it, according to §1, the field consisting of all the numbers 
(2) p + gvk, 


where now p and q may be arbitrary numbers of F,, i.e. of the form 
a + bv/2, with a, b in Fe, i.e. rational. 


Exerciser: Represent 
~ a 1 - 1 
-41 4/2 k+ 7; 1+Vk 2— D( i) 
Oi)" 1+ (vi) Vv ve ( I- Vk) V2 +7 | 
— = 3 pm 
' 1+kk (VE) —3 1+ V2k 
in the form (2). 

All these numbers have been constructed on the assumption that only one 
segment was given at the outset, If two segments are given we may select one 
of them as the unit length. In terms of this unit suppose that the length of the 
other segment is a. Then We can construct the field G consisting ‘of all numbers 
of the form 

Ama” + Gma"! + ++) + aia ae 
baa” + baat! + «++ + bia + do 


where the numbers ao, -*: , am and bo, --- , bn are rational, and m and n are 
arbitrary positive integers. 


Exercise: If two segments of lengths 1 and a are given, give actual construc- 
tions for 1 + a + œ, (1 + a)/(1 — a), œ. 


Now let us assume more generally that we are able to construct all 
the numbers of some number field F. We shall show that the use of the 
ruler alone will never lead us out of the field F. The equation of the 
straight line through two points whose codrdinates a; , bı and a, by are 
in F is (b, — be)z + (aa — a)y + (ab: — atb) = O (see p. 491); its 
coefficients are rational expressions formed from numbers in F, and 
therefore, by definition of a field, are themselves in F. Moreover, 
if we have two lines, az + By — y = O and a’z + f’y — 7’ = 0, with 
coefficients in F, then the codrdinates of their point of intersection, 


ao _ Aaf 
found by solving these two simultaneous equations, are z = a Bal ; 
ap — Ba 
ay’ — ya’ 
y= 38’ = Bal’ Since these are likewise numbers of F, it is clear that 
a — pa 


the use of the ruler alone cannot take us beyond the confines of the 
field F, 
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Exercises: The lines z + «/2y — 1 = 0, 2x — y + +/2 = 0, have coefficients in 
the field (1). Calculate the codrdinates of their point of intersection, and verify 
that these have the form (1).—Join the points (1, 4/2) and (4/2, 1 — 1/2) bya 
line az + by + ¢ = 0, and verify that the coefficients are of the form (1).—Do 
the same with respect to the field (2) for the lines V1 + fice + /2y = 1, 
(1 + 4/2) x —-y=l1- V1 + V/2, and the points (V2, T 1), (1 + /2, 1+ V/2), 


respectively, 





We can only break through the walls of F by using the compass, 
For this purpose we select an element k of F which is such that Wk 
is not in F. Then we can construct ~/k and therefore all the numbers 


(3) a + bvk, 

where a and b are rational, or even arbitrary elements of F. The sum 
and the difference of two numbers a + bik and ¢ + dwk, their 
product, (a + b/k)(c + dv k) = (ac + kbd) + (ad + be)+/k, and 


their quotient, 


a+ bvk (a + bvk) (e = dv'k) _ ac — kbd be — ad AE 

c+ dV/E È — kd’ Ck’ — kd’ 
are again of the form p + q+/k with p and çq in F. he denominator 
c’ — kd’ cannot vanish unless ¢ and d are both zero; for otherwise we 
would have »/k = c/d, a number in F, contrary to the assumption 
that Vk is not in F.) Hence the set of numbers of the form a + ba k 
forms a field F”. The field F’ contains the original field F, for we may, 
in particular, choose b = 0. F” is ealled an eztension field of F, and F 
a subfield of F”. 

As an example, let F be the field a + b+/2 with rational a, b, and take 

= 4/2. Then the numbers of the extension field F’ are represented 
by p + qw/2, where p and q are in F, p = a + 00/2, q =a’ + B'V/2, 
with rational a, b, a’, b’. Any number in F’ can be reduced to that 
form; for example 


i v2- v2 _ v2- v2 


V+ V? (V2 + VIVI- V) 2-v3 

o 2v2 __ V2 VN B(2 + V2) _ (2+ v3 
2—2 2—4/2 4—2 4-2 

(1 + V2) — (1 + 3V2) v2 

Exercise: Let F be the field p + 1V2 + v? where p and g are of the form 

+V24+V2, 


~~. 1n this form. 


EPT 

















a + 64/2. a, b rational. Represent — 
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We have seen that if we start with any field F of eonstructible num- 
bers containing the number k, then by use of the ruler and a single 
application of the compass we ean construct yk and henee any number 
of the form a + b+/k, where a, b, are in F. 

We now show, conversely, that by a single applieation of the compass 
we can obtain only numbers of this form. For what the compass does 
in a construction is to define points (or their eodrdinates) as points of 
intersection of a circle with a straight line, or of two circles. A circle 
with eenter & 7 and radius r has the equation (z — ° + (y — n) = 7; 
henee, if £, n, r are in F, the equation of the circle can be written in 
the form 


z + y + 2ox + 28y +7 = 0, 
with the eoefficients a, 8, y in F. A straight line, 
ax + by +c = 0, 
joining any two points whose codrdinates are in F, has coefficients a, b, c 
in F, as we have seen on page 129. By eliminating y from these simulta- 


neous equations, we obtain for the z-co6érdinate of a point of inter- 
section of the circle and line a quadratic equation of the form 


Az + Bz +C = 0, 


with coefficients A, B, C in F (explicitly: A = a + F, B= 
2(ac + b'a — abs), C = ê — 2bc8 + b*y). The solution is given by the 
formula 

s= B+ VĒ -44C 

2A , 
which is of the form p + g/k, with p, q, kin F. A similar formula 
holds for the y-codrdinate of a point of intersection. 
Again, if we have two circles, 


T + y’ + ax + 2By +y = 0, 

z’ + y? + 2a’x + 28'y +y = 0, 
then by subtracting the second equation from the first we obtain the 
linear equation 


2(a — ajz + 2(8 — B')y +  — vy’) =O, 


which may be solved with the equation of the first circle as before. 
In either case, the construction yields the z- and y-coérdinates of either 
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one or two new points, and these new quantities are of the form 
p + avk, with p, q, kin F. In particular, of course, ~/K may itself 
belong to F, e.g., when k = 4, Then the construction does not yield 
anything essentially new, and we remain in F. But in general this will 
not be the ease. 


Exercises: Consider the circle with radius 24/2 about the origin, and the line 
joining the points (1/2, 0), (4/2, ~/2). Find the field F’ determined by the 
coérdinates of the points of intersection of the circle and the line. Do the same 
with respect to the intersection of the given circle with the circle with radius 


4/2/2 and center (0, 24/2). 


Summarizing again: If certain quantities are given at the outset, then 
we can construct with a straightedge alone all the quantities in the 
field F generated by rational processes from the given quantities. 
Using the compass we can then extend the field F of constructible 
quantities to a wider extension field by selecting any number k of F, 
extracting the square root of k, and constructing the field F’ consisting 
of the numbers a + b\/k, where a and b arein F. F is called a subfield 
of F’; all quantities in F are also contained in F’, sinee in the expression 
a + bvk we may choose b = 0. (lt is assumed that ~/& is a new 
number not lying in F, since otherwise the process of adjunction of 
4/k would not lead to anything new, and F’ would be identical with F.) 
We have shown that any step in a geometrical construction (drawing 
a line through two known points, drawing a eirele with known center 
and radius, or marking the intersection of two known lines or circles) 
will either produee new quantities lying in the ficld already known to 
eonsist of eonstruetible numbers, or, by the construction of a square 
root, will open up a new extension field of construetible numbers. 

The totality of all constructible numbers can now be described with 
precision. We start with a given field Fo , defined by whatever quanti- 
ties are given at the outset, e.g. the field of rational numbers if only a 
single segment, ehosen as the unit, is given. Next, by the adjune- 
tion of yko , where ko is in Fy , but y/o is not, we construct an extension 
field F, of constructible numbers, consisting of all numbers of the form 
ao + bov ko, where ao and bo may be any numbers of Fo. Then F3, 
a new extension field of F;, is defined by the numbers a; + bwk, 
where a, and b, are any numbers of F,, and kı is some number of F; 
whose square root does not lie in Fi. Repeating this procedure, we 
shall reach a field F, after n adjunctions of square roots. Constructible 
numbers are those and only those which can be reached by such a sequence of 
extension fields; that is, which lie in a field Fa of the type described. The 
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size of the number 7 of necessary extensions does not matter; in a way 
it measures the degree of complexity of the problem. 

The following example may illustrate the process. We want to reach 
the number 


Ms +V Vi ++ V3 45. 


Let F, denote the rational field. Putting ko = 2, we obtain the field F, , 
which contains the number 1 + +~/2. We now take ki = 1 + ~/2 
and kz = 3. As a matter of fact, 3 is in the original field Fp, and 
a fortiori in the field F3, so that it is perfectly permissible to take 


ky = 3. We then take ky = V1 + /2 + +/3, and finally ky = 


VV 14+ v2 + 4/3 +5 The field F, thus constructed contains the 
desired number, for 4/6 is also in F, , since y/2 and +/3, and therefore 
their product, are in Fs and therefore also in Fs. 


Exercises: Verify that, starting with the rational field, the side of the regular 
2™-gon (see p. 124) is a constructible number, with n = m ~ 1, Determine the 
sequence of extension fields. Do the same for the numbers 


VitV2t¢vV3tV (5+ vO) + V7 - V3), 
(V2 + V3) (YE + Vi + 4/24 V5 + V3 = v7). 


2. All Constructible Numbers are Algebraic 


If the initial field Feis the rational field generated by a single segment, then 
all constructible numbers will be algebraic. (For the definition of algebraic 
numbers see p. 103). The numbers of the field F; are roots of quadratic equa- 
tions, those of F, are roots of fourth degree equations, and, in general, the num- 
bers of Fa are roots of equations of degree 2, with rational coefficients. To show 
this for a field F, we may first consider as an example z = VŽ +4/3 4 v2. We 
have (z — V2)! = 34 VŽ, r? + 2— 2V22 = 3 + V2, or z?— 1 = V2(2r + 1), 
& quadratic equation with coefficients in a field F;. By squaring, we finally 
obtain 


(x1 — 1)? = 2(22 + 1)3, 


which ia an equation of the fourth degree with rational coefficients. 
In general, any number in a field F, has the form 


(4) z=p+ ovu, 


where p, q, w are in a field F;, and hence have the form p = a + b/s, q = 
c+ dv/s; wm 6 + fr/s, where a, b, c, d, e, f, sare rational, From (4) we have 


zi — 2px + pi = gh, 
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where all the coefficients are in a field F, , generated by V's. Hence this equa- 
tion may be rewritten in the form 


ti + uz to = Va(re + 2), 


where r, 3, t, u, v are rational. By squaring both sides we obtain an equation 
of the fourth degree 


(5) (x7 + ux + v)’ = s(rz + t)’ 
etal coi 2t i 1 1 me ta -a i 4. d 
Witn rational coeincients, as stated. 


Exercises: 1) Find the equations with rational coefficients for a) # = 
V2 + 7/3; b) g = 724 v3; e)z = 1/75 + V3. 

2) Find by a similar method equations of the eighth degree for a) z = 
V2 + V2 + V3; b) 2 = V24 714 vj 0) 2 = 14-754 V8 4 V2. 

To prove the theorem in general for + in a field Fa with arbitrary k, we show 
by the procedure used above that x satisfies a quadratic equation with coeffi- 
cients in a field Fx_1. Repeating the procedure, we find that z satisfies an equa- 
tion of degree 21 = 4 with coefficients in a field Fz-1 , etc. 

Exercise: Complete the general proof by using mathematical induction to 
show that z satisfies an equation of degree 2' with coefficients in a field Fe: , 
0<i< k. This statement for l = k is the desired theorem. 


*§83. THE UNSOLVABILITY OF THE THREE GREEK PROBLEMS 
1. Doubling the Cube 


Now we are well prepared to investigate the old problems of trisecting 
the angle, doubling the cube, and constructing the regular heptagon. 
We consider first the problem of doubling the cube. If the given cube 
has an edge of unit length, its volume will be the cubic unit; it is required 
that we find the edge z of a cube with twice this volume. The required 
edge x will therefore satisfy the simple cubic equation 


(1) x —2=0. 


Our proof that this number z cannot be constructed by ruler and compass 
alone is indirect. We assume tentatively that a construction is possible. 
According to tlie preceding discussion this means that z lies in some 
field F} obtained, as above, from the rational field by successive exten- 
sions through adjunction of square roots. As we shall show, this 
assumption leads to an absurd consequence. 

We already know that z cannot lie in the rational field Fy , for ~/2 
is an irrational number (see Exercise 1, p. 60). Hence z can only 
lic in some extension field Fz, where k is a positive integer. We may 
as well assume that k is the least positive integer such that z lies in 
some Fs. It follows that z can be written in the form 


z= p+ qy w. 
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where p, q, and w belong to some F,-;, but ~/w does not. Now, bya 
simple but important type of algebraic reasoning, we shall show that if 
x = p + qv/w is a solution of the cubic equation (1), then y = 
p — qv/w is also a solution. Since 2 is in the field F,, 2° and 2* — 2 
are also in F, and we have 


(2) eo — 2 = a + b/w, 
where a and b are in Fy_;. By an easy calculation we can show that 
a = p + 3pq’w — 2, b = 3pq + qw. If we put 

Y= p—qŢȚvu, 
then a substitution of —q for q in these expressions for a and b shows 
that 


(2’) y — 2 =a — b/w. 
Now z was supposed to be a root of z? — 2 = 0, hence 
(3) a+ b/w = 0. 


This implies—and here is the key to the argument—that a and b must 
both be zero, If b were not zero, we would infer from (3) that »/w = 
—a/b. But then ~/w would be a number of the field Fy; in which a 
and b lie, contrary to our assumption. Hence b = 0, and it follows 
immediately from (3) that a = 0 also. 

Now that we have shown that a = b = 0, we immediately infer 
from (2’) that y = p — qww is also a solution of the cubic equation (1), 
since y? — 2 is equal to zero. Furthermore, y ¥ 2, ie. z — y ¥ 0; 
for, xz — y = 29¢-/w can only vanish if q = 0, and if this were so then 
z = p would lie in F~, contrary to our assumption. 

We have therefore shown that, if z = p + q+/w is a root of the 
eubic equation (1), then y = p — gv/w is a different root of this equa- 
tion. This leads immediately to a contradiction. For there is only 
one real number z which is a cube root of 2, the other cube roots of 2 
being imaginary (see p, 98); y = p — gv/w is obviously real, since 
p, q, and +~/w were real. 

Thus our basic assumption has led to an absurdity, and hence is 
proved to be wrong; a solution of (1) cannot lie in a field F, , so that 
doubling the cube by ruler and compass is impossible. 


2. A Theorem on Cubic Equations 


Our concluding algebraic argument was especially adapted to the par- 
ticular problem at hand. If we want to dispose of the two other Greek 
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problems, it is desirable to proceed on a more general basis. All three 
problems depend algebraically on cubic equations. It is a fundamental 
fact concerning the cubic equation 


(4) 2 +az+bze+e=0 
that, if zı , 2, z, are the three roots of this equation, then 
(5) 2+ 243+ 2, = —af 


Let us consider any cubic equation (4) where the coefficients a, b, c are 
rational numbers. It may be that one of the roots of the equation is 
rational; for example, the equation z? — 1 = 0 has the rational root 1, 
while the two other roots, given by the quadratic equation 2 + z + 1 = 
0, are necessarily imaginary. But we can easily prove the general theo- 
rem: If a cubic equation with rational coeficients has no rational root, then 
none of its roots ts constructible starting from the rational field Fo. 

Again we give the proof by an indirect method. Suppose x were a 
constructible root of (4). Then x would lie in the last field Fx of some 
chain of extension fields, Fo, Fi, --- , Fk, as above. We may assume 
that k is the smallest integer such that a root of the cubic equation (4) 
lies in an extension field F,. Certainly & must be greater than zero, 
since in the statement of the theorem it is assumed that no root z lies 
in the rational field Fy). Hence z can be written in the form 


z= p+ qv, 


where p, g, w are in the preceding field, Fx- , but ~/w is not. It follows, 
exactly as for the special equation, 2’ — 2 = 0, of the preceding article, 
that another number of F,, 

y= p— ave, 
will also be a root of the equation (4) As before, we see that g = 0 
and hence x ~ y. 


From (5) we know that the third root u of the equation (4) is given 
by u = —a — xz — y. But since z + y = 2p, this means that 
u = —a — 2p, 
t The polynomial z + az? + bz + c may be factored into the product 


(2 — 21)(2 — 23)(z — 23), where z,, 21, %3, are the three roots of the equation 
(4) (see p. 101). Hence 


z) + az? + bz +e = 2 (8) + tg + £3)2? + (£12, + Bits + Z:23)2 — Z13234, 
go that, since the coefficient of each power of z must be the same on both sides, 


-a = 2, + 21+ 23, b = tit, + Ził; + 13, —C =x rs. 
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where +/w has disappeared, so that u is a number in the field Fy-1. 
This contradicts the hypothesis that k is the smallest number such that 
some F, contains a root of (4). Hence the hypothesis is absurd, and 
no root of (4) can lie in such a field F}. The general theorem is proved. 
On the basis of this theorem, a construction by ruler and compass alone 
is proved to be impossible if the algebraic equivalent of the problem is 
the solution of a cubic equation withno rational roots. This equivalence 
was at once obvious for the problem of doubling the cube, and will now 
be established for the other two Greek problems. 


3. Trisecting the Angle 


We shall now prove that the trisection of the angle by ruler and 
compass alone is in general impossible. Of course, there are angles, such 
as 90° and 180°, for which the trisection can be performed. What we 
have to show is that the trisection cannot be effected by a procedure 
valid for every angle. For the proof, it is quite sufficient to exhibit 
only one angle that cannot be trisected, since a valid general method 
would have to cover every single example. Hence the non-existence of 
a general method will be proved if we can demonstrate, for example, 
that the angle 60° cannot be trisected by ruler and compass alone. 

We can obtain an algebraic equivalent of this problem in different 
ways; the simplest is to consider an angle @ as given by its cosine: cos @ = g. 
Then the problem is equivalent to that of finding the quantity z = 
cos (0/3). By a siinple trigonometrical formula (see p. 97), the cosine 


of 6/3 is connected with that of @ by the equation 
cos 6 = g = 4 cos? (6/3) — 3 cos (6/3). 


In other words, the problem of trisecting the angle @ with cos @ = g 
amounts to constructing a solution of the cubic equation 


(6) 42° — 3z —g = 0. 
To show that this cannot in general be done, we take 6 = 60°, so 
that g = cos 60° = 3. Equation (6) then becomes 
(7) 82° — 62 = 1, 
By virtue of the theorem proved in the preceding article, we need 


only show that this equation has no rational root. Letv = 2z. Then 
the equation becomes 


(8) v — 3v = 1, 
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If there were a rational number v = r/s satisfying this equation, where r 
and s areintegers without a common factor > 1, weshould haver? — 3s’r = 
$. From this it follows that $ = r(r? — 3s”) is divisible by r, which 
means that r and s have a common factor unless r = +1. Likewise, 
$ is a factor of r° = s’(s + 3r), which means that r and s have a common 
factor unless s = +1. Since we assumed that r and s had no common 


th tional h 'hich ld 
factor, we have shown that the only rational numbers which could 


possibly satisfy equation (8) are +1 or —1. By substituting +1 and 
— 1 for v in equation (8) we see that neither value satisfies it. Hence 
(8), and consequently (7), has no rational root, and the impossibility of 
trisecting the angle ts proved. 


The theorem that the general angle cannot be trisected with ruler and compass 
alone is true only when the ruler is regarded as an instrument for drawing a 
straight line through any two given points and nothing else. In our general 


Lo | 
ol) 


A O 
Fig. 36. Archimedes’ trisection of an angle. 


characterization of constructible numbers the use of the ruler was always limited 
to this operation only. By permitting other uses of the ruler the totality of 
possible constructions may be greatly extended. The following method for tri- 
secting the angle, found in the works of Archimedes, is a good example, 

Let an arbitrary angle x be given, as in Fig, 36. Extend the base of the 
angle to the left, and swing a semicircle with O as center and arbitrary radius r, 
Mark two points A end B on the edge of the ruler such that AB = r. Keeping 
the point B on the semicircle, slide the ruler into the position where A lies on 
the extended base of the angle x, while the edge of the ruler passes through the 
intersection of the terminal side of the angle + with the semicircle about O. With 
the ruler in this position draw a straight line, making an angle y with the ex- 
tended base of the original angle =. 

Exercise: Show that this construction actually yields y = ~/3. 


4. The Regular Heptagon 


We shall now consider the problem of finding the side z of a regular 
heptagon inscribed in the unit circle. The simplest way to dispose of 
this problem is by means of complex numbers (see Ch. II, §5). We 
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know that the vertices of the heptagon are given by the roots of the 
equation 
(9) z- 1=0, 


the coördinates z, y of the vertices being considered as the real and 





imaginary parts of complex numbers z = z + yi. One root of this 
equation is z = 1, and the others are the roots of the equation 
z — 1 
— é 2 
(10) y=? +24+242%47424+1=0, 


obtained from (9) by factoring out z — 1 (see p. 99). Dividing (10) 
by z, we obtain the equation 

(11) 2+ 1/et24 1 /etetie+i1=0. 

By a simple algebraic transformation this may be written in the form 
(12) (2+ 1/2)? — 32 + 1/2) + (2 + 1/2)’ -2+ (+ Ife) +1=0. 
Denoting the quantity z + 1/2 by y, we find from (12) that 


(13) y ty —-%-1=0. 
We know that z, the seventh root of unity, is given by 
(14) z = cos¢?+tsing, 


where ¢ = 360°/7 is the angle subtended at the center of the circle by 
the edge of the regular heptagon; likewise we know from Exercise 2, 
page 97, that 1/2 = cos œ — 7 sin ¢, so that y = z + 1/2 = 2 cos¢. 
If we can construct y, we can also construct cos ¢, and conversely. 
Hence, if we can prove that y 1s not constructible, we shall at the same 
time show that z, and therefore the heptagon, is not constructible. 
Thus, considering the theorem of Article 2, it remains merely to show 
that the equation (13) has no rational roots. This, too, is proved 
indirectly. Assume that (13) has a rational root r/s, where r and s are 
integers having no common factor. Then we have 


(15) rit rs — 2r- s = 0; 


whence it is seen as above that 7° has the factor s, and s° the factor r. 
Since r and s have no common factor, each must be +1; therefore 
y can have only the possible valucs +1 and —1, if it is to be rational, 
On substituting these numbers in the equation, we see that neither of 
them satisfies it. Hence y, and therefore the edge of the regular hepta- 
gon, is not constructible. 
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5. Remarks on the Problem of Squaring the Circle 


We have been able to dispose of the problems of doubling the cube, 
trisecting the angle, and constructing the regular heptagon, by com- 
paratively elementary methods. The problem of squaring the circle is 
much more difficult and requires the technique of advanced mathe- 
matical analysis. Since a circle with radius r has the area wr’, the 
problem of constructing a square with area equal to that of a given circle 
whose radius is the unit length 1 amounts to the construction of a 
segment of length ~/x as the edge of the required square. This seg- 
ment, will be constructible if and only if the number r is constructible. 
In the light of our general characterization of constructible numbers, 
we could show the impossibility of squaring the circle by showing that 
the number r cannot be contained in any field F, that can be reached 
by the successive adjunction of square roots to the rational field Fo. 
Since all the members of any such field are algebraic numbers, Le. 
numbers that satisfy algebraic equations with integer coefficients, it 
will be sufficient if the number r can be shown to be not algebraic, 1.e. 
to be transcendental (see p. 104). 

The technique necessary for proving that v is a transcendental number 
was created by Charles Hermite (1822-1905), who proved the number 
eto be transcendental. By a slight extension of Hermite’s method 
F. Lindemann succeeded (1882) in proving the transcendence of r, and 
thus definitely settled the age-old question of squaring the circle. The 
proof is within the reach of the student of advanced analysis, but is 
beyond the scope of this book. 


PART II 
VARIOUS METHODS FOR PERFORMING CONSTRUCTIONS 


§4. GEOMETRICAL TRANSFORMATIONS. INVERSION 


1. General Remarks 


In the second part of this chapter we shall discuss in a systematic 
way some general principles that may be applied to coustruction prob- 
lems. Many of these problems can be niore clearly viewed from the 
general standpoint of “geometrical transformations”; instead of study- 
ing an individual construction, we shall consider simultaneously a whole 
class of problems eonnected by certain processes of transformation. 
The clarifying power of the concept of a class of geometrical transforma- 
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tions is by no means restricted to construction problems, but affects 
almost everything in geometry. In Chapters IV and V we shall deal 
with this general aspect of geometrical transformations. Here we shall 
study a particular type of transformation, the inversion of the plane 
in a circle, which is a generalization of ordinary reflection in a straight 
line. 

By a transformation, or mapping, of the plane onto itself we mean a 
rule which assigns to every point P of the plane another point P’, called 
the tmage of P under the transformation; the point P is called the 
antecedent of P’. A simple example of such a transformation is given 
by the reflection of the plane in a given straight line L as in a mirror: 
a point P on one side of L has as its image the point P’, on the other side 
of L, and such that L is the perpendicular bisector of the segment PP’. 
A transformation may leave certain points of the plane fixed; in the 
case of a reflection this is true of the points on L. 


a’ 
ATTN a7 P 
P x” 
; -P 
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Dp 
Fig. 37. Reflection of a point in a line, Fig. 38. Inversion of a point in a circle, 


Other examples of transformations are the rotations of the plane about 
a fixed point O, the parallel translations, which move every point a dis- 
tance d in a given direction (such a transformation has no fixed points), 
and, more generally, the rigid motions of the plane, which may be thought 
of as compounded of rotations and parallel translations. 

The particular class of transformations of interest to us now are the 
inversions with respect to circles. (These are sometimes known as cir- 
cular reflections, because to a certain approximation they represent the 
relation between original and image in reflection by a circular mirror.) 
In a fixed plane let C be a given circle with center O (called the center 
of inversion) and radius r. The image of a point P is defined to be the 
point P’ lying on the line OP on the same side of O as P and such that 


(1) OP-OP' = r, 


The points P and P’ are said to be inverse points with respect to C. 
From this definition it follows that, if P’ is the inverse point of P, 
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then P is the inverse of P’. An inversion interchanges the inside and 
outside of the circle C, since for OP < r we have OP’ > r, and for 
OP > r, we have OP’ < r. The only points of the plane that remain 
fixed under the inversion are the points on the circle Ç itself. 

Rule (1) does not define an image for the center O. It is clear that 
if a moving point P approaches O, the image P’ will recede farther and 
farther out in the plane. For this reason we sometimes say that O itself 
corresponds to the poini at infinity under the inversion. The usefulness of 
this terminology lies in the fact that it enables us to state that an inver- 
sion sets up a correspondence between the points of the plane and their 
images which is biunique without exception: each point of the plane has 
one and only one image and is itself the image of one and only one 
point. This property is shared by all the transformations previously 
considered. 





Fig. 30. Inversion of a line L in a circle, 


2. Properties of Inversion 


The most important property of an inversion is that it transforms 
straight lines and circles into straight lines and cireles. Morc pre- 
cisely, we shall show that after an inversion 


(a) a line through O becomes a line through O, 

(b) a line not through O becomes a circle through O, 

(c) a circle through O becomes a line not through O, 
(d) a circle not through O becomes a circle not through O. 


Statement (a) is obvious, since from the definition of inversion any 
point on the straight line has as image another point on the same line, 
so that although the points on the line are interchanged, the line as a 
whole is transformed into itself. 

To prove statement (b), drop a perpendicular from O to the straight 
line L (Fig. 39). Let A be the point where this perpendicular meets L, 
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and let A’ be the inverse point to A. Mark any point P on L, and let P’ 
be its inverse point. Since OA’-OA = OP'.OP = r°, it follows that 
OA' _ OP 
OP’ OA* 

Hence the triangles OP’A’ and OAP are similar and angle OP’A’ is a 
right angle. From elementary geometry it follows that P’ lies on the 
circle K with diameter OA’, so that the inverse of L is this circle. This 
proves (b). Statement (c) now follows from the fact that since the in- 

verse of L is K, the inverse of K is L. 

It remains to prove statement (d). Let A be any circle not passing 
through O, with center M and radius k. To obtain its image, we draw 
a line through O intersecting K at A and B,and then determine how the 





Fig. 40. Inversion of a cirele, 


images A’, B’ vary when the line through O intersects K in all possible 
ways. Denote the distances OA, OB, OA‘, OB’, OM by a, b, a’, b’, m, 
and let ¢ be the length of a tangent to K from O. We have aa’ = 
bb’ = r’, by definition of inversion, and ab = 2’, by an elementary geo- 
metrical property of the circle. If we divide the first relations by 
the sccond, we get 


a/b = v/a=r/f = è, 
where c’ is a constant that depends only upon r and 2, and is the same 
for all positions of A and B. Through A’ we draw a lineparallelto BM 
meeting OM at Q. Let OQ = qand A’Q = p. Then g/m = a’/b = 
p/k, or 
q = ma'/b = më, p = ka'/b = ke’. 

This means that for all positions of A and B, Q will always be the same 
point on OM, and the distance A’Q will always have the same value. 
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Likewise B'Q = p, since a’/b = b’/a. Thus the images of all points 
A, B on K are points whosc distance from Q is always p, i.e. the image 
of K is a circle. This proves (d). 


3. Geometrical Construction of Inverse Points 


The following theorem will be useful in Article 4 of this section: The 
point P’ inverse to a given poini P with respect to a circle C may be con- 
structed geometrically by the use of the compass alone. We consider first 
the case where the given point P is exterior to C. With OP as radius 
and P as center we describe an arc intersecting C at the points R and S. 
With these two points as centers we describe arcs with radius r which 





Fig. 41. Inversion of an outaide point in a circle. 


intersect at O and at a point P’ on the line OP. In the isosceles triangles 
ORP and ORP", 


X ORP = 4 POR = XOP'R, 
so that these triangles are similar, and therefore 


OP _ OR 
OR OP 
Hence P” is the required inverse of P, which was to be constructed. 

If the given point P lies inside C the same construction and proof 
hold, provided that the circle of radius OP about P intersects C in two 
points, If not, we can reduce the construction of the inverse point P’ 
to the previous case by the following simple artifice. 

First we observe that with the compass alone we can find a point C 
on the line joining two given points A, O and such that AO = OC. 
Uo do this, we draw a circle about O with radius r = AO, and mark off 
on this circle, starting from A, the points P, Q, C such that AP = 
PQ = QC =r. Then C is the desired point, as is seen from the fact 


, ie. OP-OP! = 1’, 
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that the triangles AOP, OPQ, OQC are equilateral, so that OA and OC 
form an angle of 180°, and OC = OQ = AO. By repeating this pro- 
cedure, we can easily extend AO any desired number of times. Inci- 
dentally, since the length of the segment AQ is r+/3, as the reader can 
easily verify, we have at the same time constructed +/3 from the unit 
without using the straightedge. 

Now we can find the inverse of any point P inside the cirde C. Firat 
we find a point R on the line OP whose distance from O is an integral 
multiple of OP and which lies outside C, 

OR = n-OP. 
We can do this by successively measuring off the distance OP with the 
compass until we land outside C. Now we find the point Ff’ inverse 
to R by the construction previously given. Then 
r? = OR'.OR = OR'.(n-OP) = (n-OR’)-OP. 


Therefore the point P’ for which OP’ = n-OR’ is the desired inverse. 





P Q 
. KA 
A 0 
Fig. 42. Doubling of a segment. Fig. 43. Inversion of an inside point in s circle. 
4. How to Bisect a Segment and Find the Center of a Circle with the 


Compass Alone 


Now that we have learned how to find the inverse of a given point by 
using the compass alonc, we can perform some interesting constructions. 
For example, we considcr the problem of finding the point midway 
between two given points A and B by using the compass alone (no 
straight lines may be drawn!). Here is the solution: Draw the circle 
with radius AB about B as center, and mark off three arcs with radius 
AB, starting from A. The final point C will be on the line AB, with 
AB = BC. Now draw the circle with radius AB and center A, and 
let C’ be the point inverse to C with respect to this circle. Then 


AC'.AC = AB’ 
AC'.2AB = AB’ 
ZAC’ = AB. 


Hence C’ is the desired midpoint 
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Another compass construction using inverse points is that of finding 
the center of a circle whose circumference only is given, the center being 
unknown. We choose any point P on the circumference and about it 
draw a circle intersecting the given circle in the points R and S. With 
these as centers we draw arcs with the radii RP = SP, intersecting 
at the point Q. A comparison with Figure 41 shows that the unknown 
center, Q’, is inverse to Q with respect to the circle about P, so that Q’ 
zan be constructed by compass alone. 





Fig. 44. Finding the midpoint of a segment. Fig. 45. Finding the center of a circle. 


§5. CONSTRUCTIONS WITH OTHER TOOLS. MASCHERONI 
CONSTRUCTIONS WITH COMPASS ALONE 


*1. A Classical Construction for Doubling the Cube 


Until now we have considered only problems of geometrical construc- 
tion that use the straightedge and compass alone. When other instru- 
ments are allowed the variety of possible constructions naturally be- 
comes more extensive. For example, the Greeks solved the problem of 
doubling the cube in the following way. Consider (as in Fig. 46) a rigid 
right angle MZN and a movable right-angled cross B, VW, PQ. Two 
additional edges RS and TU are allowed to slide perpendicularly to the 
arms of the right angle. On the cross let two fixed points # and G be 
chosen such that GB = a and BE = f have nreserihed leanethe By 


chosen such that G and have prescribed lengths. 
placing the cross so that the points E and G lie on NZ and MZ respec- 
tively, and sliding the edges TU and RS, we can bring the entire appa- 
ratus into a position where we have a rectangle ADEZ through whose 
vertices A, D, E pass the arms BW, BQ, BV of the cross. Such an 
arrangement is always possible if f > a. We see at once that a:r = 
z:y = y:f, whence, if f is set equal to Za in the apparatus, z° = 2a’. 
Hence z will be the edge of a cube whose volume is double that of the 
cube with edge a. This is what is required for doubling the cube. 
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2. Restriction to the Use of the Compass Alone 


While it is only natural that by permitting a greater variety of instru- 
ments we can solve a large collection of construction problems, one 
might expect that more restrictions on the tools allowed would narrow 
the class of possible constructions. Hence it was a very surprising dis- 
covery, made by the Italian Mascheroni (1750-1800), that all geometrical 
constructions possible by straightedge and compass canbe made by the compass 
alone. Of course, one cannot draw the straight line joining two points with- 





Fig. 48. An instrument for doubling the cube. 


out astraightedge, so that this fundamental construction is not really cov- 
ered by the Mascheroni theory. Instead, one must think of a straight 
line as given by any two points on it. By using the compass alone, one 
can find the point of intersection of two lines given in this way, and 
likewise the intersections of a given circle with a straight line. 

Perhaps the simplest example of a Mascheroni construction is the 
doubling of a givensegment AB. The solution was given on page 144. 
On page 145 we bisected a straight segment. Now we shall solve the 
problem of bisecting a given arc AB of a circle with given centerO, The 
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construction is as follows: from A and B as centers, swing two arcs with 
radius AO. From O lay off arcs OP and OQ equal to AB. Then swing 
two arcs with PB and QA as radii and with P and Q as centers, inter- 
secting at R. Finally, with OR as radius, describe an arc with either 
P or Q as center until it intersects AB; this point of intersection is the 
required midpoint of the arc AB. The proof is left as an exercise for 
the reader. 

It would be impossible to prove Mascheroni’s general theorem by 
actually giving a construction by compass alone for every construction 
possible with ruler and compass, since the number of possible construc- 
tions is not finite. But we may arrive at the same goal by proving 


R 
x 


NOAN AR 


Fig. 47. Bisecting an are with the compass. 


that each of the following four fundamental constructions is possible 
with compass alone: 

1. To draw a circle with given center and radius. 

2. To find the points of intersection of two circles. 

3. To find the points of intersection of a straight line and a circle. 

4. To find the points of intersection of two straight lines. 

Any geometrical construction in the usual sense, ruler and compass per- 
mitted, consists of a finite succession of these elementary constructions. 
The first two of these are clearly possible with the compass alone. The 
solutions of the more difficult problems 3 and 4 depend on the properties 
of inversion developed in the preceding section. 

Let us solve problem 3, that of finding the points of intersection of a 
circle C and a straight line given by the two points A and B. With 
centers A and B and radi AO and BO, respectively, draw two ares, 
intersecting again at P, Now determine the point Q inverse to P with 
respect to C, by the construction with compass alone given on p. 144. 
Draw the circle with center Q and radius QO (this circle must inter- 
sect C); the points of intersection X and X’ of this circle with the given 
circle C are the required points. To prove this we need only show that 
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X and X’ are equidistant from O and P, since A and B are go by con- 
struction. This follows from the fact that the inverse of Q is a point 
whose distance from X and X’ is equal to the radius of C (p. 144). 
Note that the circle through X, X’, and O is the inverse of the line AB, 
since this circle and the line AB intersect C at the same points. (Points 


on the circumference of a circle are their own inverses.) 
The construction is invalid only if the line A R anec through the center 
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of C. But then the points of intersection can be found, by the con- 
struction given on page 148, as the midpoints of arcs on C obtained 
by swinging around B an arbitrary circle which intersects C in B, 
and Be . 





Fig. 48. Intersection of oircle and line not Fig, 49. Intersection of circle and line through center. 
through center. 


The method of determining the circle inverse to the line Joining two 
given points permits an immediate solution of problem 4. Let the lines 
be given by AB and A’B’ (Fig. 50). Draw any circle Č in the plane, 
and by the preceding method find the circles inverse to AB and A’B’, 
These circles intersect at O and at a point Y. The point X inverse 
to Y is the required point of intersection, and can be constructed by 
the process already used. That X is the required point is evident from 
the fact that Y is the only point that is inverse to a point of both AB 
and A’B’; hence the point X inverse to Y must lie on both 4B and A'B’. 

With these two constructions we have completed the proof of the 
equivalence between Mascheroni constructions using only the compass 
and the conventional geometrical constructions with ruler and compass. 
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We have taken no pains to provide elegant solutions for individual 
problems, since our aim was rather to give some msight into the general 
scope of the Mascheroni constructions. We shall, however, give as an 
example the construction of the regular pentagon. More precisely, we 
shall find five points on a circle which will be the vertices of a regular 
inscribed pentagon. 
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Fig, 50. Intersection of two lines, 


Let A be any point on the given circle K. The side of a regular in- 
scribed hexagon is equal to the radius of K. Hence we can find points 
B, C, D on K such that AB = BC = CD = 60° (Fig. 51). With A 


Fa 
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Fig. 5i. Construction of the regular pentagon. 
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and D as centers and AC as radius we draw arcs meeting at X. Then if O 
is the center of A, an arc about A of radius OX will meet K at the 
midpoint F of BC (see p. 148). Now with the radius of K we draw 
arcs about F meeting K at C and H. Let Y bea point whose distance 
from G and H is OX, and which is separated from X by O. Then AY 
will be equal to a side of the required pentagon. The proof is left as 
an exercise for the reader. Note that only three different radii were 
used in the construction. 

In 1928 the Danish mathematician Hjelmslev found in a Copenhagen 
bookstore a copy of a book, Euclides Danicus, published in 1672 by an 
obscure author G. Mohr. From the title one might infer that this 
work was simply a version of, or a commentary on Euclid’s Elements. 
But when Hjelmslev examined the book, he found to his surprise that 
it contained essentially the Mascheroni problem and its complete solu- 
tion, found long before Mascheroni, 


Exercises: The following is a description of Mohr’s constructions. Check 
their validity. Why do they solve the Mascheroni problem? 

1) On a segment AB of length p erect a perpendicular segment BC. (Hint: 
Extend AB by a point D such that AB = BD. Draw arbitrary circles around 
A and D and thus determine C.) 

2) Two segments of length p and g with p > g are given somewhere in the 
plane. Find a segment of the length z = +/p? — q? by making use of 1). 

3) From a given segment a construct the segment ax/2, (Hint: Observe that 
(a4/2)? = (a+/3)? — a?) 

4) With given segments p and çq find a segment z = 4/p?4+ q?. (Hint: Use the 
relation x? = 2p? — (p? — g*).) Find other similar constructions, 

5) Using the previous results, find segments of length p + q and p — gif 
segments of length p and g are given somewhere in the plane, 

6) Check and prove the following construction for the midpoint M of a given 
segment AB of length a. On the extension of AB find C and D such that 
CA = AB = BD. Construct the isosceles triangle ECD with EC = ED = 2a, and 
find M as the intersection of the circles with diameters EC and ED, 

7) Find the orthogonal projection of a point A on a line BC. 

8) Find z such that z:a = pig, if a, p, and çq are given segments. 

9) Find x = ab, if a and b are given segments. 

Inspired by Mascheroni, Jacob Steiner (1796-1863) tried to single 
out as a tool the straightedge instead of the compass. Of course, the 
straightedge alone does not lead out of a given number field, and hence 
cannot suffice for all geometrical constructions in the classical sense. 
It is all the more remarkable that Stciner was able to restrict'the use 
of the compass to a single application. He proved that all constructions 
in the plane which are possible with straightedge and compass are 
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possible with the straightedge alone, provided that a single fixed circle 
and its center aregiven. These constructions require projective meth- 
ods and will be indicated later (see page 197). 


* This circle and its center cannot be dispensed with. For example, if a circle, 
but not its center, is given,’ it is impossible to construct the latter by the use of 
the straightedge alone. To prove this we shall make use of a fact that will be 
discussed later (p. 220): There exists a transformation of the plane into itself 
which has the following properties: (a) the given circle is fixed under the trans- 
formation. (b) Any straight line is carried into a straight line, (e) The center 
of the circle is carried into some other point. The mere existence of such a trans- 
formation shows the impossibility of constructing with the straightedge alone the 
center of the given circle. For, whatever the construction might be, it would 
consist in drawing a certain number of straight lines and finding their intersec- 
tions with one another and with the given circle. Now if the whole figure, con- 
sisting of the given circle together with all points and lines of the construction, 
is subjected to the transformation whose existence we have assumed, the trans- 
formed figure will satisfy all the requirements of the construction, but will yield 
as result a point other than the center of the given circle. Hence such a con- 
struction is impossible. 


3. Drawing with Mechanical Instruments. 
Mechanical Curves. Cycloids 


By devising mechanisms to draw curves other than the circle and the 
straight line we may greatly cnlarge the domain of constructible figures. 
For example, if we have an instrument for drawing the hyperbolas 
ty = k, and another for drawing parabolas y = az? + bz + c, then 
any problem leading to a cubic equation, 


(1) ax’ + bz’? + cx = k, 

may be solved by construction, using only these instruments. For if 
we set 

(2) zty =k, y = a + br +c, 

then solving equation (1) amounts to solving the simultaneous equa- 
tions (2) by eliminating y; i.e. the roots of (1) are the z-coördinates of 
the points of intersection of the hyperbola and parabola in (2). Thus 
the solutions of (1) can be constructed if we have instruments with 
which to draw the hyperbola and parabola of equations (2). 

Since antiquity mathematicians have known that many interesting 
curves can be defined and drawn by simple mechanical instruments. 
Of these ‘‘mechanical curves” the cycloids are among the most remark- 
able. Ptolemy (circa 200 A.D.) used them in a very ingenious way to 
describe the movements of the olanets in the heavens. 
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y = ar? + brte 


Fig. 52. Graphical solution of s cubic equation, 


The simplest cycloid is the curve described by a fixed point on the 
circumference of a circle which rolls without slipping along a straight 
line. Figure 53 shows four positions of the point P on the rolling circle. 
The general appearance of the cycloid is that of a series of arches resting 
on the line. 





Fig. 53. The oyolold. 


Variations of this curve may be obtained by choosing the point P 
either inside the circle (as on a spoke of a wheel) or on an extension of 
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its radius (as on the flange of a train wheel). Figure 54 illustrates these 
two curves. 





Fig. 54, General cycloids. 


A further variation of the cycloid is obtained by allowing a circle to 
roll, not along a straight line, but on another circle. If the roing 
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radius œR, the locus generated by a point fixed on the circumference of ¢ c 
is called a kypocycloid. 
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Fig. 55. Three-cusped hypocyoloid. 


If the circle c describes the whole circumference of C just once, the 
point P will return to its original position only if the radius of C is an 
integral multiple of that of c. Figure 55 shows the case where R = 3r. 
More generally, if the radius of C is m/n times that of c, the hypocycloid 
will close up after n circuits around C, and will consist of m arches. 
An interesting special case occurs if R = 2r. Any point P of the inner 
circle will then describe a diameter of the larger circle (Fig. 56). We 
propose the proof of this fact as a problem for the reader. 
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Still another type of cycloid can be generated by means of a rolling 
circle remaining externally tangent to a fixed circle. Such a curve is 
called an epicycloid. 


Fig. 56. Straight motion by points on a circle rolling in a circle of double radius. 


*4. Linkages. Peaucellier’s and Hart’s Inversors 


F 
We leave for the present the subject of cyeloids (they will appear 


again in an unexpected place) to consider other methods of generating 
curves. The simplest mechanical instruments for tracing curves are the 
linkages. A linkage consists of a set of rigid rods, connected in some 
manner at movable joints, in such a way that the whole system has 
just enough freedom to allow a point on it to describe a certain curve. 
The compass is really a simple linkage, consisting in principle of a single 
rod which is fastened at one point. 

Linkages have long been used in machine construction. One of the 
historically famous examples, the “Watt parallelogram,” was invented 
by James Watt to solve the problem of linking the piston of his steam 
engine to a point on the flywheel in such a way that the rotation of the 
flywheel would move the piston along a straight line. Watt’s solution 
was only approximate, and despite the efforts of many distinguished 
mathematicians, the problem of constructing a linkage to move a point 
precisely on a straight line remained unsolved. At one time, when 
proofs for the impossibility of solutions to certain problems were attract- 
ing wide attention, the conjecture was made that the construction of 
such a linkage was impossible. It was a great surprise when, in 1864, a 
French naval officer. Peaucellier, invented a simple linkage that solved 
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the problem. With the introduction of efficient lubricants the technica] 
problem for steam engines had by then lost its significance. 





Fig. 57. Rectilinear motion transformed into rotation. 


The purpose of Peaucellier’s linkage is to eonvert circular into recti- 
linear motion, It is based on the theory of inversion discussed in §4. 
As shown in Figure 58, the linkage consists of seven rigid rods; two of 
length é, four of length s, and a seventh of arbitrary length. O and R 
are two fixed points, placed so that OR = PR. The entire apparatus is 
free to move, subject to the given conditions. We shall prove that, 





R F ‘ 


Fig. 58. Peaucellier's transformation of rotation into true rectilinear motion. 


as P describes an are about R with radius PR, Q describes a segment of a 
straight line. Denoting the foot of the perpendicular from S to OQ 
by 7, we observe that 


OP-0Q = (OT — PT)\(OT + PT) = OT — PT’ 
= (OT? + ST’) — (PT? + ST") 


= f — s. 
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The quantity Ë — s is a constant which we call r’. Since OP-O0Q = r’, 
P and Q arc inverse points with respect to a circle with radius r and 
center O. As P describes its circular path (which passes through 0), 
Q describes the curve inverse to the circle. This curve must be a 
straight linc, for we have proved that the inverse of a circle passing 
through O is a straight line. Thus the path of Q is a straight line, 
drawn without using a straightedge. 

Another linkage that solves the same problem is Hart’s inversor. 
This consists of five rods connected as in Figure 59. Here AB = CD, 
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Fig. 59. Hart's inversor. 


BC = AD. O, P and Q are points fixed on the rods AB, AD, CB, 
respectively, such that AO/OB = AP/PD = CQ/QB = m/n. Points 
O and S are fixed in the plane so that OS = PS, while the rest of the 
linkage is free to move. Evidently, AC is always parallel to BD. 
Hence, O, P and Q are collinear, and OP is parallel to AC. Draw AE 
and CF perpendiculur to BD, We have 


AC-BD = EF.BD = (ED + EB)(ED — EB) = ED — EB’. 
But ED’ + AE’ = AD’, and EB’ + AE’ = AB’. Hence ED? — EB’ = 
AD’ — AB’. Now 
OP/BD=AO/AB=m/(m+n) and 0Q/AC =OB/AB=n/(m+n). 
Thus 

OP-0Q = [mn/(m + n)]BD-AC = (mn/(m + n)"](AD? — AB’). 


This quantity is the same for all possible positions of the linkage. 
Therefore P and Q arc inverse points with respect to some circle about O. 
When the linkage is moved, P describes a circle about $ which passes 
through O, while its inverse Q describes a straight line. 
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Other linkages can be constructed (at least in principle) which will 
draw ellipses, hyperbolas, and indeed any curve given by an algebraic 
equation f(z, y) = 0 of any degree. 


86. MORE ABOUT INVERSION AND ITS APPLICATIONS 


1. Invariance of Angles. Families of Circles 


Although inversion in a circle greatly changes the appearance of gco- 
metrical figures, it is a remarkable fact that the new figures continue 
to posscss many of the properties of the old. These are the properties 
which are unchanged, “invariant,’”’ under the transformation. As 
we already know, inversion transforms circles and straight lines into 
circles and straight lines. We now add another important property: 
The angle between two lines or curves is invariant under inversion. By 
this we mean that any two intersecting curves are transformed by an 
inversion into two other curves which still intersect at the same angle. 
By the angle between two curves we mean, of course, the angle between 
their tangents. 

The proof may be understood from Figure 60, which illustrates the 
special case of a curve C intersecting a straight line OL at a point P. 
The inverse C’ of C meets OL in the inverse point P’, which, since OL 





Fig. 60. Invariance of angles under inversion. 
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is its own inverse, lies on OL. We shall show that the angle 2 between 
OL and the tangent to C at P is equal in magnitude to the corresponding 
angle yo. To do this we choose a point A on the curve C near P, and 
draw the secant AP. The inverse of A is a point A’ which, being on 
both the line OA and the curve C’, must be at their intersection. We 
draw the secant A’P’. By the definition of inversion, 
r = OP.OP' = OA-0A’, 

or 

OP _ OA’ 

OA 7 OP” 
i.e. the triangles QAP and OA’P’ are similar. Hence angle z is equal 
to angle OA’P’, which we call y. Our final step consists in letting the 
point A move along C and approach the point P. This causes the 
secant line AP to revolve into the position of the tangent line to C at P, 
while the angle z tends to x. At the same time A’ will approach P’, 
and A’P’ will revolve into the tangent at P. The angle y approaches yo . 
Since z is equal to y at every position of A, we must have in the limit, 

= Yo. 

Our proof is only partially completed, however, since we have con- 
sidered only the case of a curve intersecting a line through O. The 
general case of two curves C, C* forming an angle z at P is now easily 
disposed of. For it is evident that the line OPP’ divides z into two 
angles, each of which we know to be preserved by the inversion. 


It should be noted that although inversion preserves the magnituds of angles, 
it reverses their sense; i.e. if a ray through P sweeps out the angle 7, in a counter- 
clockwise direction, its image will sweep out angle yo in a clockwise direction. 


A particular consequence of the invariance of angle under inversion is 
that two circles or lines that are orthogonal, i.e. that intersect at right 
angles, remain orthogonal after an inversion, while two circles which 
are tangent, i.e. intersect at the angle zero, remain tangent. 

Let us consider the family of all circles that pass through the center 
of inversion O and through another fixed point A of the plane. From §4, 
Article 2, we know that this family of circles is transformed into a family 
of straight lines that radiate from A’, the image of A. The family of 
circles orthogonal to the original family goes over into circles orthogonal 
to the lines through A’, as shown in Figure 61. (The orthogonal cir- 
cles are shown by broken lines.) The simple picture of the radiating 
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straight lines appears to be quite different from that of the circles, yet 
we see that they are closely related—indeed from the standpoint of 
the theory of inversion they are entirely equivalent. 


* 





Fig. 61, Two systems of orthogonal circles related by inversion. 


Another example of the effect of inversion is given by a family of 
circles tangent to each other at the center of inversion. After the trans- 
formation they become a system of parallel lines. For the images of 
the circles are straight lines, and no two of these lines intersect, since the 
original circles meet only at O. 


C 

B 

A 
O 


Fig. 62, Tangont circles transformed into parallel lines. 
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2. Application to the Problem of Apollonius 


A good illustration of the usefulness of the theory of inversion is the 
following simple geometrical solution of the problem of Apollonius. By 
inversion with respect to any center, the Apollonius problem for three 
given circles can be transformed into the corresponding problem for 
three other circles (why is this?). Hence, if we can solve the problem 
for any one triple of circles, then it is solved for any other triple of 
circles obtained from the first by inversion. We shall exploit this fact 
by selecting among all these equivalent triples of circles one for which 
the problem is almost trivially simple. 

We start with three circles having centers A, B, C, and we shall 
suppose the required circle U with center O and radius p to be exter- 
nally tangent to the three given circles. If we increase the radii of 
the three given circles by the same quantity d, then the eircle with the 
same center O and the radius p — d will obviously solve the new problem. 





Fig. 63. Preliminary to Apollonius’ construction. 


By way of preparation we make use of this fact in order to replace the 
three given circles by three others such that two of them are tangent 
to each other at a point K (Fig. 63). Next we invert the whole figure 
in some circle with center K. The circles around B and C become 
parallel lines b and c, while the third circle becomes another circle a 
(Fig. 64). We know that a, b, c can all be constructed by ruler and 
compass. The unknown circle is transformed into a circle u which 
touches a, b, c. Its radius r is evidently half the distanec between b 
and c. Its center O’ is one of the two intersections of the linc midway 
between b and c with the circle about A’ (the center of a) having the 
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radius r + s (s being the radius of a). Finally, by constructing the 
circle inverse to u we find the center of the desired Apollonius circle U, 
(Its center, O, will be the inverse in the circle of inversion of the point 
inverse to K in u.) 











Fig. 64. Solution of Apollcnius’ problem. 


*3. Repeated Reflections 
Evecryonc is familiar with the strange reflection phenomena that occur 
when more than one mirror is used. If the four walls of a rectangular 
room were covered with ideal non-absorbing mirrors, a lighted point 
would have infinitely many images, one corresponding to each congruent 
room obtained by reflection (Fig. 65). A less regular constellation of 
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Fig. 65. Repeated reflection in rectangular wails, 


mirrors, e.g. three mirrors, gives a much more complicated series of 
images. The resulting configuration can be described easily only when 
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the reflected triangles form a non-overlapping covering of the plane. 
This occurs only for the case of the rectangular isosceles triangle, the 


equilateral triangle, and the rectangular half of the latter; see Figure 
66. 





Fig. 66. Regular constellations of triangular mirrors. 


The situation becomes much more interesting if we consider repeated 
inversion in a pair of circles. Standing between two concentric circular 
mirrors one would see an infinite number of other circles concentric with 
them. One sequence of these circles tends to infinity, while the other 
concentrates around the center. The case of two external circles is a 





Fig. 67. Repeated reflection in systems of two circles. 
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Fig. 69. Refection in a system of three circles, 


little more complicated. Here the circles and their images reflect suc- 
cessively into one another, growing smaller with each reflection, until 
they narrow down to two points, one in cach circle. (These points have 
the property of being mutually inverse with respect to both circles.) 
The situation is shown in Figure 67. The use of three circles leads to 


the beautiful pattern shown in Figure 68. 


CHAPTER IV 


PROJECTIVE GEOMETRY. AXIOMATICS. NON-EUCLIDEAN 
GEOMETRIES 


§1. INTRODUCTION 


1. Classification of Geometrical Properties. Invariance under 
Transformations 


Geometry deals with the properties of figures m the plane or in space. 
These properties are so numerous and so varied that some principle of 
classification is necessary to bring order into this wealth of knowledge. 
One might, for example, introduce a classification based on the method 
used in deriving the theorems. From this point of view a distinction 
is usually made between the ‘‘synthetic” and the “analytic” procedures. 
The first of these is the classical axiomatic method of Euclid, in which 
the subject is built upon purely geometrical foundations independent of 
algebra and the concept of the number continuum, and in which the 
theorems are deduced by logical reasoning from an initial body of 
statements called axioms or postulates. The second method is based 
on the introduction of numerical coérdinates, and uses the technique 
of algebra. This method has brought about a profound ehange in 
mathematical science, resulting in a unification of geometry, analysis 
and algebra into one organic system. 

In this chapter a classification according to method will be less im 
portant than a classification according to content, based on the char: 
acter of the theorems themselves, irrespective of the methods used to 
prove them. In elementary plane geometry one distinguishes between 
theorems dealing with the congruence of figures, using the concepts of 
length and angle, and theorems dealing with the similarity of figures, 
using the concept of angle only. This particular distinetion is not very 
important, since length and angle are so closely connected that it is 
rather artificial to separate them. (It is the study of this connection 
which makes up most of the subject of trigonometry.) Instead, we may 
say that the theorems of elementary geometry concern magnitudes— 
lengths, measures of angles, and areas. Two figures are equivalent from 
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this point of view if they are congruent, that is, if one can be obtained 
from the other by a rigid motion, in which merely position but no mag- 
nitude is changed. The question now arises whether the concept of 
magnitude and the related concepts of congruence and similarity are 
essential to geometry, or whether geometrical figures may have even 
deeper properties that are not destroyed by transformations morc 
drastic than the rigid motions. We shall see that this is indeed the case, 

Suppose we draw a circle and a pair of its perpendicular diameters on 
a rectangular block of soft wood, as in Figure 69. If we place this 





Fig. 60. Compression of a circle, 


block between the jaws of a powcrful vise and compress it to half its 
original width, the circle will become an ellipse and the angles between 
the diameters of the ellipse will no longer be right angles. The circle 
has the property that its points are equidistant from the center, while 
this does not hold true of the ellipse. Thus it might seem that all the 
geometrical properties of the original configuration are destroyed by 
the compression. But this is far from being the case; for example, the 
statement that the center bisects each diameter is true of both the 
circle and the ellipse. Here we have a property which persists even 
after a rather drastic change in the magnitudes of the original figure. 
This observation suggests the possibility of classifying theorems about a 
geometrical figure according to whether they remain true or become false 
when the figure is subjected to a uniform compression. More generally, 
given any definite class of transformations of a figure (such as the class 
of all rigid motions, compressions, inversion in circles, ete.), we may ask 
what properties of the figure will be unchanged under this class of 
transformations. The body of theorems dealing with these properties 
will be the geometry associated with this class of transformations. The 
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idea of classifying the different branches of geometry according to the 
classes of transformations considered was proposed by Felix Klein 
(1849-1925) in a famous address (the “Erlanger program”) given in 
1872. Since that time it has greatly influenced geometrical thinking. 

In Chapter V we shall discover the very surprising fact that certain 
properties of geometrical figures are so deeply inherent that they persist 
even after the figures are subjected to quite arbitrary deformations; 
figures drawn on a piece of rubber which is stretched or compressed in 
any manner still preserve some of their original characteristics. In this 
chapter, however, we shall be concerned with those properties which 
remain unchanged, or “invariant,” under a special class of transforma- 
tions which lies between the very restricted class of rigid motions on the 
one hand, and the most general elass of arbitrary deformations on the 
other. This is the class of ‘projective transformations.” 


2. Projective Transformations 


The study of these geometrical properties was forced upon mathema- 
ticlans long ago by the problems of perspective, which were studied by 
artists such as Leonardo da Vinci and Albrecht Dürer. The image made 
by a painter can be regarded as a projection of the original onto the 
canvas, with the center of projection at the eye of the painter. Inthis 
process lengths and angles are necessarily distorted, in a way that 
depends on the relative positions of the various objects depicted. Still, 
the geometrical structure of the original can usually be recognized on 
the canvas. How is this possible? It must be because there exist 
geometrical properties “invariant under projection’ —properties which 
appear unchanged in the image and make the identification possible. 
To find and analyze these properties is the object of projective geomctry. 

It is clear that the theorems in this branch of geometry cannot be 
statements about lengths and angles or about congruence. Some iso- 
lated facts of a projective nature have been known since the seventcenth 
century and even, as in the case of the “theorem of Menclaus,” since 
antiquity. But a systematic study of projective geometry was first 
made at the end of the eighteenth century, when the Ecole Poly- 
technique in Paris initiated a new period in mathematical progress, 
particularly in geometry. This school, a product of the French Revolu- 
tion, produced many officers for the military services of the Republic. 
One of its graduates was J. V. Poncelet (1788-1867), who wrote his fam- 
ous Traité des propriétés projectives des figures in 1813, while a prisoner 
of war in Russia. In the nineteenth centurv, under the influence of 
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Steiner, von Staudt, Chasles, and others, projective geometry became 
one of the chief subjects of mathematical research. Its popularity was 
due partly to its great aesthetic charm and partly to its clarifying effect 
on geometry as a whole and its intimate connection with non-Euclidean 
geometry and algebra. 


§2. FUNDAMENTAL CONCEPTS 
1. The Group of Projective Transformations 


We first define the class, or “‘group,’’{ of projective transformations. 
Suppose we have two planes r and a’ in space, not necessarily parallel 
to each other. We may then perform a central projection of m onto a’ 
from a given center O not lying in r or r’ by defining the image of each 
point P of r to be that point P’ of 7’, such that P and P’ lie on the same 
straight line through O. We may also perform a parallel projection, 
where the projecting lines are all parallel. In the same way, we can 
define the projection of a line 2 in a plane w onto another line V inr 
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Fig. 70. Projection from a point. 


t The term “group,” when applied to a class of transformations, implies that 
the successive application of two transformations of the class results again in a 
transformation of the same class, and that the “inverse” of a transformation of 
the class again belongs to the class. Group properties of mathematical operations 
have played and are playing a very great réle in many fields, although in geometry, 
perhaps, the importance of the group concept has been a little exaggerated. 


GROUP OF PROJECTIVE TRANSFORMATIONS 169 


Any mapping of one figure onto another by a central or parallel pro- 
jection, or by a finite succession of such projections, is called a projec- 
tive transformation.{ The projective geometry of the plane or of the line 
consists of the body of those geometrical propositions which are un- 
affected by arbitrary projective transformations of the figures to which 
they refer. In contrast, we shall call metric geometry the body of those 
propositions dealing with the magnitudes of figures, invariant only under 
the class of rigid motions. 





Fig. 71. Parallel projection. 


Some projective properties can be recognized immediately. A point, 
of course, projects into a point. Moreover, a straight line is projected 
into a straight line; for, if the line I in r is projected onto the plane 7’, 
the intersection of x’ with the plane through O and I will be the straight 
line?’.t Ifa point A and a straight line l are incident,f{ then after any 
projection the corresponding point A’ and line /’ will again be incident. 


t Two figures related by a single projection are conimonty said to be in perspec- 
tive. Thus a figure F is related by a projective transformation to a figure F’ if 
F and F’ are in perspective, or if we can find a gsuecession of figures, 
F, Fy, Fa, 4, Fa, FB’, such that each figure is in perspective with the following 
one. 

t There are exceptions if the hue OP (or if the plane through O and J) is parallel 
to the plane x’. These exceptiorfs will be removed in §4. 

tt A point and a line are called incident if the Hine goes through the point, or 
the point is on the hne. The neutral word leaves it open whether the Hne or the 
point is considered more important 
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Thus the incidence of a point and a line is invariant under the projective 
group. From this fact many simple but important consequences follow. 
If three or more points are collinear, i.e. incident with some straight line, 
then their images will also be collinear. Likewise, if in the plane x 
three or more straight lines are concurrent, i.e. incident with some point, 
then their images will also be concurrent straight lines. While these 
simple properties—incidence, collinearity, and concurrence—are profec- 
tive properties (i.e. properties invariant under projections), measures of 
length and angle, and ratios of such magnitudes, are generally altered 
by projection. Isosceles or equilateral triangles may project into 
triangles all of whose sides have different lengths. Hence, although 
“triangle” is a concept of projective geometry, “equilateral triangle” 
is not, and belongs to metric geometry only. 


2. Desargues’s Theorem 


One of the earliest discoveries of projective geometry was the famous 
triangle theorem of Desargues (1593-1662): If in a plane two triangles 
ABC and A’B’C’ are situated so that the straight lines joining correspond- 
ing vertices are concurrent in a poini O, then the corresponding sides, if 
extended, will intersect in three collinear points. Figure 72 illustrates 





Q P 


Fig. 72, Desargueea configuration in the plane. 


the theorem, and the reader should draw other figures to test it by 
experiment. The proof is not trivial, in spite of the simplicity of the 
figure, which involves only straight lines. The theorem clearly be- 
longs to projective geometry, for if we project the whole figure onto 
another plane, it will retain all the properties involved in the theorem. 
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We shall return to this theorem on page 187. At the moment we wish 
to call attention to the remarkable fact that Desargues’s theorem is also 
true if the two triangles lie in two different (non-parallel) planes, and 
that this Desargues’s theorem of three-dimensional geometry is very 
easily proved. Suppose that the lines AA’, BB’, and CC" intersect at 
O (Fig. 73), according to hypothesis. Then AB lies in the same plane 


O 





Fig. 73. Deeargues's configuration in space. 


as A'B’, so that these two lines intersect at some point Q; likewise AC 
and A’C” intersect in R, and BC and B’C" intersect in P. Since P, Q, 
and F# are on extensions of the sides of ABC and A'B'C”, they lie in the 
same plane with each of these two triangles, and must consequently 
lie on the line of intersection of these two planes. Therefore P, Q, 
and # are collinear, as was to be proved. 

This simple proof suggests that we might prove the theorem for two 
dimensions by, so to speak, a passage to the limit, letting the whole 
figure flatten out so that the two planes coincide in the limit and the 
point O, together with all the others, falls into this plane. There is, 
however, a certain difficulty in carrying out such a limiting process, 
because the line of intersection PQR is not uniquely determined when 
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the planes coincide. However, the configuration of Figure 72 may be 
regarded as a perspective drawing of the space configuration of Figure 
73, and this fact can be used to prove the theorem in the plane case. 


There is actually a fundamental difference between Desargues’s theorem in the 
plane and in space. Our proof in three dimensions used geometrical reasoning 
based solely on the concepts of incidence and intersection of points, lines, and 
planes. It can be shown that the proof of the two-dimensional theorem, provided 
{t ts le proceed entirely in the plane, necessarily requires the use of the concept of 
similarity of figures, which is based upon the metric concept of length and is no 
longer a projective notion. 

The converse of Desargues’a theorem states that if ABC and A’B’C’ are two 
triangles situated so that the points where corresponding sides intersect are col» 
linear, then the lines joining corresponding vertices are concurrent. Its proof 
for the case where the two triangles are in two non-parallel planes is left to the 
reader as an exercise. 


§3. CROSS-RATIO 
1. Definition and Proof of Invariance 


Just as the length of a line segment is the key to metric geometry, so 
there is one fundamental concept of projective geometry in terms of 
which all distinctively projective properties of figures can be expressed. 

If three points A, B, C lie on a straight line, a projection will in 
general change not only the distances AB and BC but also the ratio 
AB/BC. In fact, any three points A, B, C on a straight line / can 
always be codrdinated with any three points A’, B’, C’ on another line 
l’ by two successive projections. To do this, we may rotate the line l’ 
about the point C’ until] it assumes a position l” parallel to l (see Fig. 
74). We then project l onto l” by a projection parallel to the line 
joining C and C’, defining three points, A”, B”, and C” (= C’). The 
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lines joining A’, A” and B’, B” will intersect in a point O, which we 
choose as the center of a second projection. These two projections 
accomplish the desired result. 

As we have just seen, no quantity that involves only three points on 
a line can be invariant under projection. But—and this is the decisive 
discovery of projective geometry—if we have four points A, B, C, D 
on a straight line, and project these into A’, B’, C’, D’ on another line, 
then there is a certain quantity, called the cross-ratio of the four points, 
that retains its value under the projection. Here is a mathematical 
property of a set of four points on a line that is not destroyed by projec- 
tion and that can be recognized in any image of the line. The cross- 
ratio is neither a length, nor the ratio of two lengths, but the ratio of 
two such ratios: if we consider the ratios CA/CB and DA/DB, then 
their ratio, 


_ CA /DA 
= 0B/ DB’ 
is by definition the cross-ratio of the four points A, B, C, D, taken in 
that order. 
We now show that the cross-ratio of four points is invariant under 
projection, i.e. that if A, B, C, D and A’, B’, C’, D’ are corresponding 
points on two lines related i a _ then 


CA A JRE. 
CB “0 C'B' ‘B" 


The proof follows by elementary means. We recall that the area of a 
triangle is equal to (base X altitude) and is also given by half the 
product of any two sides by the sine of the included angle. We then 
have, in Figure 75, 


area OCA = $h:CA = 40A-OC sin Z COA 
area OCB = th.CB = 410B.0C sin Z COB 
area ODA = 4$h-DA = 30A-OD sin Z DOA 
area ODB = 4h.DB = 40B.-0D sin Z DOB. 


I 
Hl 


t What if the lines joining A’, A” and B’, B” are parallel? 
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It follows that 
CA DA _CA DB _ OA-OC-sin Z COA OB-OD.sin Z DOB 
CB/ DB CB DA OB.OC.sin Z COB OA-OD-sin Z DOA 


_ sin Z COA sin Z DOB 
sin Z COB sin Z DOA 





Fig. 75. Invariance of crogs-ratio under central projection. 


Hence the cross-ratio of A, B, C, D depends only on the angles sub- 
tended at O by the segments joining A, B, C, D. Since these angles 
are the same for any four points A’, B’, C’, D’ into which A, B, C, D 
may be projected from O, it follows that the cross-ratio remains un- 
changed by projection. 

That the cross-ratio of four points remains unchanged by a parallel projection 


follows from elementary properties of similar triangles. The proof is left to the 
reader as an exercise. 





C 
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Fig. 76. Invariance of crces-ratio under parallal projection. 
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So far we have understood the cross-ratio of four points A, B, C, D 
on a line l to be a ratio involving positive lengths. It is more con- 
venient to modify this definition as follows. We choose one direction on l 
as positive, and agree that lengths measured in this direction shall be 
positive, while lengths measured in the opposite direction shall be nega- 
tive. We then define the cross-ratio of A, B, C, D in that order as the 
quantity 
CA /DA 
(1) (ABCD) = ce / DB’ 
where the numbers CA, CB, DA, DB are understood to be taken with 
the proper sign. Since a reversal of the chosen positive direction on l 
will merely change the sign of every term of this ratio, the value of 
(ABCD) will not depend on the direction chosen. It is easily seen that 
(ABCD) will be negative or positive according as the pair of points 
A, B is or is not separated (i.e. interlocked) by the pair C, D. Since 
this separation property is invariant under projection, the signed cross- 
ratio (ABCD) is invariant also. If we select a fixed point O on / as 

(ABCD)>O 
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Fig. 77. Sign of cross-ratio 


origin and choose as the coérdinate x of each point on l its directed dis- 
tance from O, so that the codrdinates of A, B, C, D are x, , 22, Z3 , %4, 


respectively, then 
(4BcD) = C4 /DA mom funn Bohu h 


CB/ DB %—%m/ Ia — I Ia — Iz Iu — Ti 
When (ABCD) = —1, so that CA/CB = —DA/DB, then C and D 
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Fig. 78. Cross-ratio in terms of codrdinates. 
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divide the segment AB internally and externally in the same ratio, 
In this case, C and D are said to divide the segment AB harmonically, 
and each of the points C, D is called the harmonic conjugate of the other 
with respect to the pair A, B. If (ABCD) = 1, then the points C and D 
(or A and B) coincide. 
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taken is an essential part of the definition of the cross-ratio (ABCD), 
For example, if (ABCD) = i, then the cross-ratio (BACD) is 1/X, while 
(ACBD) = 1 — 3, as the reader may easily verify. Four points A, B, 
C, D can be ordered in 4:3:2:1 = 24 different ways, each of which gives 
a certain value to their cross-ratio. Some of these permutations will 
yield the same value for the cross-ratio as the original arrangement 
A, B, C, D; eg. (ABCD) = (BADC). It is left as an exercise for the 
reader to show that there are only six different values of the cross-ratio 
for these 24 different permutations of the points, namely 


A-1 1 À 

A? TN ASI 

These six quantities are in general distinct, but two of them may coin- 
cide—as in the case of harmonic division; when A = —1. 

We may also define the cross-ratio of four coplanar (i.e. lying in a 
common plane) and concurrent straight lines 1, 2, 3, 4 as the cross-ratio 
of the four points of intersection of these lines with another straight 
line lying in the same plane. The position of this fifth line is imma- 
terial because of the invariance of the cross-ratio under projection. 
Equivalent to this is the definition 


sin (1,3) /sin (1, 4) 
T238 sin @,3)/ sin @, 4)" 


taken with a plus or minus sign according as one pair of lines does not 
or does separate the other. (In this formula, (1, 3), for example, means 
the angle between the lines 1 and 3.) Finally, we may define the cross- 
ratio of four coaxial planes (four planes in space intersecting in a line J, 
their axis). If a straight line intersects the planes in four points, these 
points will always have the same cross-ratio, whatever the positicn of 
the line may be. (The proof of this faet is left as an exercise.) Hence 
we may assign this value as the cross-ratio of the four planes. Equiva- 
lently, we may define the cross-ratio of four coaxial planes as the cross- 
ratio of the four lines in which they are intersected by any fifth plane 
(see Fig. 79). 


4 1-A If, 
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The concept of the cross-ratio of four planes leads naturally to the 
question of whether a projective transformation of three-dimenstonal 
space into itself can be defined. The definition by central projection 





— 


Fig. 70. Cross-ratio of coaxial planes. 


cannot immediately be generalized from two to three dimensions. But 
it can be proved that every continuous transformation of a plane into 
itself that correlates in a biunique manner points with points and lines 
with lines is a projective transformation. This theorem suggests the 
following definition for three dimensions: A projective transformation 
of space is a continuous biunique transformation that preserves 
straight lines. It can be shown that these transformations leave the 
cross-ratio invariant. 

The preceding statements may be supplemented by a few remarks. 
Suppose we have three distinct points, A, B, C, on a line, with coördi- 
nates T; , 29,23. Required, to find a fourth point D so that the cross- 
ratio (ABCD) = ^, where à is prescribed. (The special case à = —1, 
for which the problem amounts to the construction of the fourth har- 
monic point, will be taken up in more detail in the next article.) In 
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general, the problem has one and only one solution; for, if z is the coördi- 
nate of the desired point D, then the equation 

Xs — 21 T — J? 
Ts- uT- Y 


(2) = À 





has exactly one solution x. If xı, £2, 23 are given, and if we abbreviate 
equation (2) by setting (vs — 21)/(%3 — 22) = k, we find on solving this 
equation that x = (ka, — Azı)/(k — A). For example, if the three 
points A, B, C are equidistant, with codrdinates z; = 0, T: = d, z3 = 2d 
respectively; then k = (2d — 0)/(2d — d) = 2, and z = 2d/(2 — X). 

If we project the same line l onto two different lines l’, V from two 
different centers O’ and O”, we obtain a correspondence P <> P’ between 
the points of l and l’, and a correspondence P <> P” between those of 
landl”. Thissets up a correspondence P’ «> P” between the points of I’ 


Q” 


Or 





r 
C D’ 
Fig. 80. Projective correspondence between the points on two lines. 


and those of l” which has the property that every set of four points A’, B’, 
C’, D’ on l has the same cross-ratio as the corresponding set A”, B”, 
C”, D” on l”. Any biunique correspondence between the points on two 
lines which has this property is called a projective correspondence, irre- 
spective of how the correspondence is defined. 
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Exercises: 1) Prove that, given two lines together with a projective cor- 
respondence between their points, one ean shift one line by a paralle! displace- 
ment into such a position that the given correspondence is obtained by a simple 
projection. (Hint: Bring a pair of corresponding points of the two lines into 
coincidence.) 

2) On the basis of the preceding result, show that if the points of two lines 
land ?' are codrdinated by any finite succession of projections onto various inter- 
mediate lines, using arbitrary centers of projection, the same result can be ob- 
tained by only two projeetions. 


2. Application to the Complete Quadrilateral 


As an interesting application of the invariance of the cross-ratio we 
shall establish a simple but important theorem of projective geometry. 
It concerns the complete quadrilateral, a figure consisting of any four 
straight lines, no three of which are concurrent, and of the six points 
where they intersect. In Figure 81 the four lines are AE, BE, BI, AF. 
The lines through AB, EG, and IF are the diagonals of the quadrilateral. 
Take any diagonal, say AB, and mark on it the points C and D where 
it meets the other two diagonals. We then have the theorem: 
(ABCD) = —1; in words, the points of intersection of one diagonal with 
the other two separate the vertices on that diagonal harmonically. To prove 
this we simply observe that 





Fig. 81. Complete quadrilateral. 
x = (ABCD) = UFHD) by projection from Æ, 
(IFHD) = (BACD) by projection from G. 
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But we know that (BACD) = 1/(ABCD); so that z = 1/z, x? = 1, 
z = +1. Since C, D separate A, B, the cross-ratio x is negative and 
must therefore be —1, which was to be proved. 

This remarkable property of the complete quadrilateral enables us to 
find with the straightedge alone the harmonic conjugate with respect 
to A, B of any third collinear point C. We need only choose a point E 
off the line, draw EA, EB, EC, mark a point G on EC, draw AG and 
BG intersecting EB and FA at F and J respectively, and draw ZF, which 
intersects the line of A, B, C in the required fourth harmonic point D. 


Problem: Given a segment AB in the plane and a region R, as shown in Figure 
82. It is desired to continue the line AB to the right of k. How may this be 
done with straightedge alone so that the straightedge never crosses A during the 
construction? (Hint: Choose two arbitrary points C, C’ on the segment AB, 
then locate their harmonic conjugates D, D’ respectively by means of four quad- 
rilaterals having A, B as vertices.) 





Fig. 82. Producing a line beyond an obstacle. 
§4. PARALLELISM AND INFINITY 


1. Points at Infinity as ‘Ideal Points” 


An examination of the previous section will disclose that some of 
our arguments fail if certain lines in the constructions, supposed to be 
produced until they intersect, are in fact parallel. For example, in the 
construction above the fourth harmonic point D fails to exist if the line 
IF is parallel to AB. Geometrical reasoning seems to be hampered at 
every step by the fact that two parallel lines do not intersect, so that in 
any discussion involving the intersection of lines the exceptional case of 
parallel lines has to be considered, and formulated separately. Likewise, 
projection from a center O has to be distinguished from parallel pro- 
jection, which requires separate treatment. If we really had to go 
into a detailed discussion of every such exceptional case, projective 
geometry would become very complicated. We are therefore led to 
try an alternative—namely, to find extenstons of our basic concepts that 
will eliminate the exceptions. 

Here geometrical intuition points the way: if a straight line that inter- 
sects another is rotated slowly towards a parallel position, then the point 
of intersection of the two lines will recede to infinity. We might naively 
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say that the two lines intersect at a “point at infinity.” The essential 
thing is then to give this vague statement a precise meaning, so that 
points at infinity, or, as they are sometimes called, ideal points, can be 
dealt with exactly as though they were ordinary points in the plane or 
in space. In other words, we want all rules concerning the behavior of 
points, lines, planes, etc. to persist, even when these geometric elements 
are ideal. To achieve this goal we can proceed either intuitively or 
formally, just as we did in extending the number system, where one 
approach was from the intuitive idea of measuring, and another from 
the formal rules of arithmetical operations. 

First, let us realize that in synthetic geometry even the basic concepts of 
“ordinary” point and line are not mathematically defined. The so-called 
definitions of these concepts which are frequently found in textbooks on 
elementary geometry are only suggestive descriptions. In the case of 
ordinary geometrical elements our intuition makes us feel at ease 
as far as their ‘‘existence’”’ is concerned. But all we really need in 
geometry, considered as a mathematical system, is the validity of certain 
rules by means of which we can operate with these concepts, as in 
joining points, finding the intersection of lines, ete. Logically con- 
sidered, a “point” is not a “thing in itself,” but is completely described 
by the totality of statements by which it is related to other objects. 
The mathematical existence of “points at infinity” will be assured as soon 
as we have stated in a clear and consistent manner the mathematical 
properties of these new entities, i.e. their relations to “ordinary” points 
and to each other. The ordinary axioms of geometry (e.g. Euclid’s) 
are abstractions from the physical world of pencil and chalk marks, 
stretched strings, light rays, rigid rods, etc. The properties which these 
axioms attribute to mathematical points and lines are highly simplified 
and idealized descriptions of the behavior of their physical counterparts. 
Through any two actual pencil dots not one but many pencil lines can 
be drawn. If the dots become smaller and smaller in diameter then all 
these lines will have approximately the same appearance. This is what 
we have in mind when we state as an axiom of geometry that “through 
any tio points one and only one straight line may be drawn”; we are 
referring not to physical points and lines but to the abstract and con- 
ceptual points and lines of geometry. Geometrical points and lines 
have essentially simpler properties than do any physical objects, and 
this simplification provides the essential condition for the development 
of geometry as a deductive science. 

As we have noticed, the ordinary geometry of points and lines is 
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greatly complicated by the fact that a pair of parallel lines do not inter- 
sect in a point. We are therefore led to make a further simplification 
in the structure of geometry by enlarging the concept of geometrical 
point in order to remove this exception, just as we enlarged the concept 
of number in order to remove the restrictions on subtraction and divi- 
sion. Here also we shall be guided throughout by the desire to preserve 
in the extended domain the laws which governed the original domain. 

We shall therefore agree to add to the ordinary points on each line a 
single “ideal” point. This point shall be considered to belong to all the 
lines parallel to the given line and to no other lines. As a consequence of 
this convention every pair of lines in the plane will now intersect in a 
single point; if the lines are not parallel they will intersect in an ordinary 
point, while if the lines are parallel they will intersect in the ideal point 
common to the two lines. For intuitive reasons the ideal point on a 
line is called the point at infinity on the line. 


The intuitive concept of a point on a line receding to infinity might suggest 
that we add two idea! points to each line, one for each direction along the line. 
The reagon for adding only one, as we have done, is that we wish to preserve the 
law that through any two points one and only one tine may be drawn. [If a line 
eontained two points at infinity in common with every paralle! line then through 
these two points” infinitely many paralte! lines would pass. 


We shall also agree to add to the ordinary lines in a plane a single “ideal” 
line (also called the line at infinity in the plane), contatning all the ideal 
points in the plane and no other points. Precisely this convention is 
forced upon us if we wish to preserve the original law that through 
every two points one line may be drawn, and the newly gained law that 
every two lines intersect in a point. To see this, let us choose any two 
ideal points. Then the unique line which is required to pass through 
these points cannot be an ordinary line, since by our agreement any 
ordinary line contains but one ideal point. Moreover, this line cannot 
contain any ordinary points, since an ordinary point and one ideal point 
determine an ordinary line. Finally, this line must contain all the 
ideal points, since we wish it to have a point in common with every 
ordinary line. Hence this line must have precisely the properties which 
we have assigned to the ideal line in the plane. 

According to our conventions, a point at infinity is determined or is 
represented by any family of parallel lines, just as an irrational number is 
determined by a sequence of nested rational intervals. The statement 
that the intersection of two parallel lines is a point at infinity has no 
mysterious connotation, but is only a convenient way of stating that the 
lines are parallel. This way of expressing parallelism, in the language 


POINTS AT INFINITY AS “IDEAL POINTS” 183 


originally reserved for intuitively different objects, has the sole purpose 
of making the enumeration of exceptional cases superfluous; they are 
now automatically covered by the same kind of linguistic expressions or 
other symbols that are used for the “ordinary” cases. 

To sum up: our conventions regarding points at infinity have been so 
chosen that the laws governing the incidence relation between ordinary 
points and lines continue to hold in the extended domain of points, 
while the operation of finding the point of intersection of two lines, 
previously possible only if the lines are not parallel, may now be per- 
formed without restriction. The considerations which led to this formal] 
simplification in the properties of the incidence relation may seem some- 
what abstract. But they are amply justified by the result, as the reader 
will see in the following pages. 


2. Ideal Elements and Projection 


The introduction of the points at infinity and the line at infinity in a 
plane enables us to treat the projection of one plane onto another in a 
much more satisfactory way. Let us consider the projection of a plane 
x onto a plane x’ from a center O (Fig. 83). This projection estab- 





Fig. 83. Projection into elements at infinity. 


lishes a correspondence between the points and lines of r and those of x’. 


To every point A of r corresponds a unique point A’ of 7’, with the 
following exceptions: if the projecting ray through O is parallel to the 
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plane 7’, then it intersects r in a point A to which no ordinary point 
of x’ corresponds. These exceptional points of x lie on a line l to which 
no ordinary line of x’ corresponds. But these exceptions are eliminated 
if we make the agreement that to A corresponds the point at infinity 
in x’ in the direction of the line OA, and that to l corresponds the line 
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to any point B’ on the line m’ in x’ through which pass all the rays 
from O parallel to the plane x. To m’ itself will correspond the line 
at infinity in x. ‘Thus, by the introduction of the points and line at 
infinity in a plane, a projection of one plane onto another establishes a 
correspondence between the points and lines of the two planes which is 
biuntque without exception. (This disposes of the exceptions mentioned 
in the footnote on p. 169.) Moreover, it is easily seen to be a conse- 
quence of our agreement that a point lies on a line if and only if the 
projection of the point lies on the projection of the line. Hence all state- 
ments about collinear points, concurrent lines, etc. that involve only 
points, lines, and the incidence relation, are seen to be invariant under 
projection in the extended sense. This enables us to operate with the 
points at infinity in a plane x simply by operating with the corresponding 
ordinary points in a plane x’ coérdinated with m by a projection. 

* The interpretation of the points at infinity of a plane r by means of 
projection from an external point O onto ordinary points in another 
plane +’ may be used to give a concrete Euclidean “model” of the ex- 
tended plane. To this end we merely disregard the plane r’ and fix our 
attention on x and the lines through O. To each ordinary point of + 
corresponds a line through O not parallel to x; to each point at infinity 
of x corresponds a line through O parallel to x. Hence to the totality of 
all points, ordinary and ideal, of + corresponds the totality of all lines 
through the point O, and this correspondence is biunique without 
exception. The points on a line of will correspond to the lines in a 
plane through O. A point and a line of r will be incident if and only if 
the corresponding line and plane through O are incident. Hence the 
geometry of incidence of points and lines in the extended plane is 
entirely equivalent to the geometry of incidence of the ordinary lines and 
planes through a fixed point of space. 

*In three dimensions the situation is similar, although we can no 
longer make matters intuitively clear by projection. Again we intro- 
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In each plane we have a line at infinity. Next we have to introduce a 
new element, the plane at infinity, consisting of al] points at infinity of 
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the space and containing all lines at infinity. Each ordinary plane inter- 
sects the plane at infinity in its line at infinity. 


3. Cross-Ratio with Elements at Infinity 


A remark must be made about cross-ratios involving elements at 
in nity T at na dannita tha naint at infinity etrairoht lina J he tha 
ALLALEL Y » Let Uu denote the puriie at infinity On a Straignt LlG è Wy LiLo 
symbol æ. If A, B, C are three ordinary points on l, then we may 
assign a value to the symbol (ABC œ) in the following way: choose a 
point P on l; then (A BC œ) should be the limit approached by (ABCP) 


as P recedes to infinity along /. But 





Fig. 84. Croea-ratio with a point at infinity. 


PA 
OB PB’ 
and as P recedes to infinity, PA/PB approaches 1. Hence we define 
(ABC) = CA/CB. 
In particular, if (ABC œ) = —1, then C is the midpoint of the segment 


AB: the midpoint and the point at infinity in the direction of a segment 
divide the segment harmonically. 


(ABCP) = 


Ezercisea: What is the cross-ratio of four lines h , ls, la, laif they are parallel? 
What is the cross-ratio if la is the line at infinity? 


§5. APPLICATIONS 


l. Preliminary Remarks 


With the introduction of elements at infinity it is no longer necessary 
to state explicitly the exceptional eases that arise in construetions and 
theorems when two or more lines are parallel. We need merely re- 
member that when a point is at infinity all the lines through that point 
are parallel. The distinetion between central and parallel projection 
need no longer be made, since the latter simply means projection from 
a point at infinity. Tu Figure 72 the point O or the line PQR may be 
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at infinity (Fig. 85 shows the former case); it is left as an exercise for 
the reader to formulate in “finite”? language the corresponding state- 
ments of Desargues’s theorem. 





Fig. 85. Dessrgues's configuration with conter at infinity. 


Not only the statement but even the proof of a projective theorem is 
often made simpler by the use of elements at infinity. The general 
principle is the following. By the “projective class” of a geometrical 
figure F we mean the elass of all figures into which F may be earned 
by projective transformations. The projeetive properties of F will be 
identical with those of any member of its projeetive elass, since pro- 
jective properties are by definition invariant under projection. Thus, 
any projective theorem (one involving only projective properties) that 
is true of F will be true of any member of the projective class of F, 
and conversely, Hence, in order to prove any such theorem for F, it 
suffices to prove it for any other member of the projective class of F. 
We may often take advantage of this by finding a special member of 
the projective class of F for which the theorem is simpler to prove than 
for F itself. For example, any two points A, B of a plane m can be 
projected to infinity by projecting from a center O onto a plane r’ 
parallel to the plane of O, A, B; the straight lines through A and those 
through B will be transformed into two families of parallel lines. In 
the projective theorems to be proved in this section we shall make such 
a preliminary transformation. 

The following elementary fact about parallel lines will be useful. Let 
two straight lines, intersecting at a point O, be cut by a pair of lines h 
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and at points A, B, C, D, as shown in Figure 86. If 4 and & are 
parallel then 





0 
A 
D 
Fig. 86. 
0A _ OB. 
OC OD’ 
and conversely, if OA = a then l and & are parallel. The proof 


follows from elementary properties of similar triangles, and will be left 
to the reader. 


2. Proof of Desargues’s Theorem in the Plane 


We now give the proof that for two triangles ABC and A’B’C’ in a 
plane situated as shown in Figure 72, where the lines through corre- 
sponding vertices meet in a point, the intersections F, Q, R of the corre- 
sponding sides lie on a straight line. To do this we first project the 
figure so that Q and R goto infinity. After the projection, AB will be 
parallel to A'B’, AC to A’C’, and the figure will appear as shown in 
Figure 87. As we have pointed out in Article 1 of this section, to 





Fig. 87, Proof of Deaargues'a theorem. 
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B’C"’; then P, Q, R will indeed be collinear (since they will lie on the line 
at infinity). Now 


AB || A'B’ implies at, 
U 8 
and 
AC || A’C’ implies Fal, 
y 8 


Therefore = = 5, this implies BC || B’C’, which was to be proved. 


Note that this proof of Desargues’s theorem makes use of the metric 
notion of the length of a segment. Thus we have proved a projective 
theorem by metric means. Moreover, if projective transformations are 
defined ‘‘intrinsically” as plane transformations that preserve cross- 
ratio (see p. 177), then this proof remains entirely in the plane. 


Ezercise: Prove, in a similar manner, the converse of Desarguer’s theorem: If 
triangles ABC and A’'RB’C" have the property that P, Q, R are collincar, then the 
lines AA’, BB’, CC’, are concurrent. 


3. Pascal’s Theorem] 


This theorem states: If the vertices of a hexagon lic alternately on a 
patr of intersecting lines, then the three intersections P, Q, R of the opposite 
sides of the hexagon are collinear (Fig. 88). (The hexagon may intersect 
itself. The “opposite” sides can be recognized from the schematic 
diagram of Fig. 89.) 

By performing a preliminary projection we may assume that P and Q 
are at infinity. Then we need only show that R also is at infinity. 
The situation is illustrated in Figure 90, where 23 || 56 and 12 || 45. 
We must show that 16 || 34. We have 





a ty b at 
atx b+yt+s’ b+y ataztr’ 
Therefore 
a@_atztr 
b b+y+38' 


so that 16 || 34, as was to be proved. 


t On p. 209 we shall discuss a more general theorem of the same type. The 
present special case is also known by the name of ita discoverer, Pappus of Alex- 
andria (third century A.D.). 





PASCAL’S THEOREM 





Fig. 88, Pascal's configuration. 
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Fig. 80. Proof of Pascal's theorem. 
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4. Brianchon’s Theorem 


This theorem states: If the sides of a hexagon pass alternately through 
two fixed points P and Q, then the three diagonals joining opposite pairs 
of vertices of the hexagon are concurrent (see Fig. 91). By a projection 


Q 





P 
Fig. 01. Brianchon’s configuration, 
we may send to infinity the point P and the point where two of the 
diagonals, say 14 and 36, intersect. The situation will then appear 
as in Figure 92. Since 14 || 36 we have a/b = u/v. But z/y = a/b 
and u/v = r/s, Therefore x/y = r/s and 36 || 25, so that all three of 


the diagonals are parallel and therefore concurrent. This suffices to 
prove the theorem in the general case. 


Q 





Fig. 02. Proof of Brianchon's theorem. 
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5. Remark on Duality 


The reader may have noticed the remarkable similarity between the 
theorems of Pascal (1623-1662) and Brianchon (1785-1864). This simi- 
larity becomes particularly striking if we write the theorems side by side: 


Pascal’s Theorem | Brianchon’s Theorem 


If the vertices of a hexagon lie If the sides of a hexagon pass 
alternately on two straight lines, the | alternately through two points, the 
points where opposite sides meet are | lines joining opposite vertices are 
collinear, concurrent. 


Not only the theorems of Pascal and Brianchon, but all the theorems 
of projective geometry occur in pairs, each similar to the other, and, so 
to speak, identical in structure. This relationship is called duality. In 
plane geometry point and line are called dual elements. Drawing a line 
through a point, and marking a point on a line are dual operations. Two 
figures are dual if one may be obtained from the other by replacing each 
element and operation by its dual element or operation. Two theorems 
are dual if one becomes the other when all elements and operations are 
replaced by their duals. For example, Pascal’s and Brianchon’s theo- 
rems are dual, and the dual of Desargues’s theorem is precisely its con- 
verse. This phenomenon of duality gives projective geometry a char- 
acter quite distinct from that of elementary (metric) geometry, in which 
no such duality exists. (For example, it would be meaningless to speak 
of the dual of an angle of 37° or of a segment of length 2.) In many 
textbooks on projective geometry the principle of duality, which states 
that the dual of any true theorem of projective geometry is likewise a true 
theorem of projective geometry, is exhibited by placing the dual theorems 
together with their dual proofs in parallel columns on the page, as we 
have done above. The basic reason for this duality will be considered 
in the following section (sec also p. 217). 


§6. ANALYTIC REPRESENTATION 
1. Introductory Remarks 


In the early development of projective geometry there was a strong 
tendency to build everything on a synthetic and “purely geometric” 
basis, avoiding the use of numbers and of algebraic methods. This 
program met with great difficulties, since there always remained places 
where some algebraic formulation seemed unavoidable. Complete suc- 
cess in building up a purely synthetic projective geometry was only 
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attained toward the end of the nineteenth century, at a rather high 
cost in complication. In this respect the methods of analytic geometry 
have been much more successful. The general tendency in modern 
mathematics is to base everything on the number concept, and in 
geometry this tendency, which started with Fermat and Descartes, has 
had decisive triumphs. Analytic geometry has developed from the 
status of a mere tool in geometrical reasoning to a subject where the 
intuitive geometrical interpretation of the operations and results is no 
longer the ultimate and exclusive goal, but has rather the function of a 
guiding principle that aids in suggesting and understanding the ana- 
lytical results. This change in the meaning of geometry is the product 
of a gradual historical growth that has greatly enlarged the scope of the 
classical geometry, and at the same time has brought about an almost 
organic union of geometry and analysis. 

In analytic geometry the “‘codrdinates” of a geometrical object are 
any set of numbers which characterize that object uniquely. Thus a 
point is defined by giving its rectangular coérdinates x, y or its polar 
coordinates p, 6, while a triangle can be defined by giving the codrdinates 
of its three vertices, which requires six codrdinates in all. We know 
that a straight line in the x, y-plane is the geometrical locus of all points 
P (x, y) (see p. 75 for this notation) whose codérdinates satisfy some 
linear equation 


(1) ax + by +c=0. 


We may therefore call the three numbers a, b, c the “‘codrdinates”’ of 
this line. For example, a = 0, b = 1, c = O define the linc y = 0, 
which is the z-axis; a = 1, b = —1, c = 0 define the line x = y, which 
bisects the angle between the positive z-axis and the positive y-axis. 
In the same way, quadratic equations define ‘‘conic sections”: 


t+ =r a circle, center at origin, radius r, 
(z-a + ly-b =r a circle, center at (a, b), radius r, 
2 2 
tE =] an ellipse, 


ete. 

The naive approach to analytic geometry ìs to start with purely 
“geometric” concepts—point, line, ete.—and then to translate these 
into the language of numbers. The modern viewpoint is the reverse. 
We start with the set of all pairs of numbers xz, y and call each such pair 
a point, since we can, if we choose, interpret or visualize such a pair of 


INTRODUCTORY REMARKS 193 


numbers by the familiar notion of a geometrical point. Similarly, a 
lincar equation between z and y is said to define a line. Such a shift of 
emphasis from the intuitive to the analytical aspect of geometry opens 
the way for a simple, yet rigorous, treatment of the points at infinity 
in projective geometry, and is indispensable for a deeper understanding 
of the whole subject. For those readers who possess a certain amount 
of preliminary training we shall give an account of this approach. 


*2. Homogeneous Coordinates. The Algebraic Basis of Duality 


In ordinary analytic geometry, the rectangular codrdinates of a point 
in the plane are the signed distances of the point from a pair of per- 
pendicular axes. This system breaks down for the points at infinity in 
the extended plane of projective geometry. Hence if we wish to apply 
analytic methods to projective geometry it is necessary to find a coördi- 
nate system which shall embrace the ideal as well as the ordinary points. 
The introduction of such a codrdinate system is best described by 
supposing the given X, Y-plane x imbedded in three-dimensional space, 
where rectangular codrdinates x, y, z (the signed distances of a point 
from the three codérdinate planes determined by the z, y, and z axes) 
have been introduced. We place r parallel to the z, y coérdinate plane 
and at a distance 1 above it, so that any point P of r will have the 
three-dimensional codrdinates (X, Y, 1). Taking the origin O of the 
coérdinate system as the center of projection, we note that each point P 
determines a unique line through O and conversely. (See p. 184. The 
lines through O and parallel to x correspond to the points at infinity of x.) 

We shall now describe a system of “homogeneous codrdinates” for 
the points of x. To find the homogeneous codrdinates of any ordinary 
point P of x, we take the line through O and P and choose any point Q 
other than O on this line (see Fig. 93). Then the ordinary three- 
dimensional codrdinates zx, y, 2 of Q are said to be homogeneous codrdinates 
of P. In particular, the coérdinates (X, Y, 1) of P itself are a set of 
homogeneous coérdinates for P. Moreover, any other set of numbers 
(tX, tY, t) with ¢ = 0 will also be a set of homogeneous codrdinates for P, 
since the coérdinates of all points on the line OP other than O will be 
of this form. (We have excluded the point (0, 0, 0) since it lies on all 
lines through O and does not serve to distinguish one from another.) 

This method of introducing coérdinates in the plane requires three 


numbers instead of two to specify the position of a point, and has the 
further disadvantage that the coérdinates of a point are not determined 
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uniquely but only up to an arbitrary factor ¢. But it has the great ad- 
vantage that the points at infinity in + are now included in the coördi- 
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nate representation. A point P at infinity in w is determined by a line 


through O parallel to r. Any point Q on this line will have coördinates 
of the form (z, y, 0). Hence the homogeneous codrdinates of a point at 
infinity in x are of the form (x, y, 0). 


LA 





Fig. 93. Homogeneous codrdinates, 


The equation in homogeneous coördinates of a straight line in ~ is 
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line lic in a plane through O. It is proved in analytic geometry that 
the equation of such a plane is of the form 

ax + by + cz = 0. 
Hence this is the equation in homogeneous codrdinates of a straight 
line in r, 

Now that the geometrical model of the points of x as lines through O 
has served its purpose, we may lay it aside and give the following 
purely analytic definition of the extended plane: 

A point is an ordered triple of real numbers (z, y, z), not all of which 
are zero. ‘Two such triples, (x3 , yı , 21) and (22, Y3 , 22), define the same 
point if for some t = 0, 


Xo = lti, 
Yo = th, 
Z = ila 
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In other words, the coérdinates of any point may be multiplied by any 
non-zero factor without changing the point. (It is for this reason that 
they are called Aomogeneous codrdinates,) A point (z, y, 2) is an 
ordinary point if 2z = 0; if 2 = 0, it is a point at infinity. 

A straight line in r consists of all points (z, y, z} which satisfy a linear 
equation of the form 


(1’) az + by + cz = 0, 


where a, b, c are any three constants, not all zero. In particular, the 
points at infinity in ~ all satisfy the linear equation 


(2) z= 0. 


This is by definition a line, and is called the line at infinity in x. Since 
a line is defined by an equation of the form (1’), we call the triple of 
numbers (a, b, c) the homogeneous codrdinates of the line (1'). It follows 
that (ia, tb, tc), for any t =Æ 0, are also codérdinates of the line (1’), since 
the equation 


(3) (fa)x + (tb)y + (e)z = 0 


is satisfied by the same coérdinate-triples (z, y, z) as (1’). 

In these definitions we observe the perfect symmetry between point 
and line: each is specified by three homogeneous codrdinates (u, v, w). 
The condition that the point (x, y, 2) lie on the line (a, b, c) is that 


ax + by + cz = 0, 


and this is likewise the condition that the point whose codrdinates are 
(a, b, c) lie on the line whose codrdinates are (z, y, z). For example, 
the arithmetical identity 


234+ 1.4-—52=0 


may be interpreted equally well as meaning that the point (3, 4, 2) 
lies on the line (2, 1, — 5) or that the point (2, 1, —5) lies on the line 
(3, 4,2). This symmetry is the basis of the duality in projective geome- 
try between point and line, for any relationship between points and 
jines becomes a relationship between lines and points when the coördi- 
nates are properly re-interpreted. In the new interpretation the pre- 
vious codrdinates of points and lines are now thought of as representing 
lines and points respectively. All the algebraic operations and results 
remain the same, but their interpretation gives the dual counterpart of 
the original theorem. It is to be noted that this duality does not hol? 
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in the ordinary plane of two codrdinates X, Y, since the equation of a 
straight line in ordinary codrdinates 


ax +6Y¥Y+c=0 
is not symmetrical in X, Y and a, b, c. Only by including the 


To pass from the homogeneous codrdinates zT, y, z of an ordinary point P in 
the planc.# to ordinary rectangular coérdinates, we simply set X = 7/2, Y = y/z. 
Then X, Y represent the distances from the point P to two perpendicular axes in 
x, parallel to the z- and y-axes, as shown in Figure 93. We know that an equation 
of the form 


aX +bY +c=0 


will represent a straight linein x, On substituting X = 2/z, Y = y/zand multi- 
plying through by z we find that the equation of the same line in homogeneous co- 
ordinates is, as stated on page 195, 


az + by + cz = 0. 


"Thus the equation of the line 22 — 3y + z = Qin ordinary rectangular coérdinates 
X, Yis 2X — 3Y +1=0. Of course, the latter equation fails for the point at 
infinity on this line, one set of whose homogeneous codrdinates is (3, 2, 0). 

One thing remains to bo said. We have succeeded in giving a purely analytic 
definition of point and line, but what of the equally important concept of projec- 
tive transforniation? It may be proved that a projective transformation of one 
plane onto another as defined on page 169 is given analytically by a set of lincar 
equations, 


T! = az + by + c12, 
(4) y! = a, + bay + cy, 
a’ = dat + bay + cë, 


connecting the homogencous codrdinates 2’, y’, z' of the points in the plane x’ 
with the homogeneous coördinates z, y, z of the points in the plane x. From 
our present point of view we may now define a projective transforinution as one 
given by any set of lincar equations of the form (4). The theorenis of projective 
geometry then become theorems on the behavior of nuinber triples (z, y, z} under 
such transformations. For example, the proof that the croas-ratio of four points 
on a line is unchanged by such transformations becomes simply an exercise in 
the algebra of linear transformations. We cannot go further into the details of 
this analytic procedure. Instead we shal! return to the more intuitive aspects 
of projective geometry. 


§7. PROBLEMS ON CONSTRUCTIONS WITH THE STRAIGHT- 
EDGE ALONE 


In the constructions helow it is understood that only the straightedge is 
admitted ar tool. 
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Problems 1 to 18 are contained in a paper by J. Steiner in which he proves 
that the compass can be dispensed with as a tool for geometrical constructions 
if a fixed circle with its center is given (see Chapt. IIJ, p. 151), The reader is 
advised to solve these problems in the order given. 

A set of four lines a, b, c, d through a point P is called harmonic, if the cross- 
ratio (abcd) equals -1. aand b are said to be conjugate with respect to c and d, 
and vice versa. 

1) Prove: If, in a set of four harmonic lines a, b,c, d, the ray a bisects the angle 
between c and d, then b is perpendicular to a. 

2) Construct the fourth harmonic line to three given lines through a point. 
(Hint: Use the theorem on the complete quadrilateral.) 

3) Coustruct the fourth harmonic point to three points on a line. 

4) If a given right angle and a given arbitrary angle have their vertex and one 
side in common, double the given arbitrary angle. 

5) Given an angle and its bisector b. Construct a perpendicular to b through 
the vertex P of the given angle. 

6) Prove: If the lines l, ,l;,la, «++, ln through a point P intersect the straight 
line a in the points A,, Az, >- , An and intersect the line b in the points 
B,, B,,---, Ba , then all the intersections of the pairs of lines A;B; and AaB 
(i £ k; i, k = 1,2, +--+ , n) lie on a straight line. 

7) Prove: If a parallel to the side BC of the triangle ABC intersects AB in B’ 
and AC in C’, then the line joining A with the intersection D of B’C and C’B 
bisects BC. 

7a) Formulate and prove the converse of 7. 

8) Ona straight linc } three point P, Q,R are given, such that Q is the midpoint 
of the segment PR. Construct a parallel to? through a given point S, 

9) Given two parallel lines J, and l; ; bisect a given segment AB on l. 

10) Draw a parallel through a given point P to two given parallel! lines J, and 
la. (Hint: Reduce 9 to 7 using 8.) 

11) Steiner gives the following solution to the problem of doubling a given 
line segment AB when a parallel 1 to AB is given: Through a point C not on l nor 
on the line AB draw CA intersecting l at A, , CB intersecting ! at Bi. Then 
(see 10) draw a paralle! to! through C, which meets BA, at D. If DB, meets AB 
at E, then AE = 2-AB. 

Prove the last statement. 

12) Divide a segment AB into n equa! parts if a parallel ? to AB is given. 
(Hint: Construct first the n-fold of an arbitrary segment on J, using 11.) 

13) Given a parallelogram ABCD, draw a parallel through a point P to a 
straight linc ?, (Hint: Apply 10 to the center of the parallelogram and use 8.) 

14) Given a parallelogram, multiply a given segment by n. (Hint: Use 13 
and 11.) 

15) Given a parallelogram, divide a given segment into n parts. 

16) If a fixed circle and its center are given, draw a parallel to a given straight 
line through a given point. (Hint: Use 13.) 

17) If a fixed circle and its center are given, multiply and divide a given seg- 
ment by n. (Hint: Use 13.) 

18) Given a fixed circle and its center, draw a perpendicular to a given line 
through a given point. (Hint: Using a rectangle inscribed in the fixed circle 
and having two sides parallel to the given line, reduce to previous exercised.) 
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19) Using the results of problenis 1-18, which basic construction problems can 
you solve if your tool is a ruler with two parallel edges? 

20) Two given straight lines L; and l, interscct at a point P outside the given 
sheet of paper. Construct the line joining a given point Q with P. (Hint: 
Complete the given elements to the figure of Desargues's theorcin for the plane 
in such a way that P and Q become intersections of corresponding sides of the 
two triangles in Desargues’s Theorem.) 

21) Construct the line joining two given points whose distance is greater than 
the length of the straightedge used. (Hint: Use 20.) 

22) Two points P and Q outside the given shect of paper are determined by 
two paira of struight lines lı , 2: and mi , ms through P and Q, respectively. Con- 
struct that part of the line PQ that lies on the given sheet of paper. (Hint: To 
obtain a point of PQ complete the given cleinents toa figure of Desargues’s theorem 
in such a way that one triangle has two sides on J; and mı and the other one 
corresponding sides on ls and ma .) 

23) Solve 20 by means of Pascal’s theorem (p.188). (Hint: Complete the given 
elements to a figure of Pascal’s theorem, using li , 2: as u pair of opposite sides of 
the hexagon and Q as point of intersection of another pair of opposite sides.) 

*24) Two straight lines entirely outside the given shect of paper are cach given 
by two pairs of straight lines intersecting at points of the lines outside the paper, 
Determine their point of intersection by a pair of lines through it. 


§8. CONICS AND QUADRIC SURFACES 
1. Elementary Metric Geometry of Conics 


Until now we have been concerned only with points, lines, planes, and 
figures formed by a number of these. If projective geometry were 
nothing but the study of such “linear” figures, it would be of relatively 
little interest. It is a fact of fundamental importance that projective 
geometry is nol confined to the study of linear figures, but includes also 
the whole field of conic sections and their generalizations in higher 
dimensions. Apollonius’ metric treatment of the conie sections— 
ellipses, hyperbolas, and parabolas—-was one of the great mathematieal 
achievements of antiquity. The importance of conic sections for pure 
and applied mathematics (for example, the orbits of the planets and of 
the electrons in the hydrogen atom are conic sections) can hardly be 
overestimated. It is little wonder that the classical Greek theory of 
conic sections is still an indispensable part of mathematical instruction, 
But Greek geometry was by no means final. Two thousand years later 
the important projective properties of the conics were discovered. In 
spite of the simplicity and beauty of these properties, academic inertia 
has so far prevented their introduction into the high school curriculum, 

We shall begin by recalling the metric definitions of the conic sections. 
There are various such definitions whose equivalence is shown in ele- 
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mentary geometry. The usual ones refer to the foci. An ellipse is de- 
fined as the geometrical locus of all points P in the plane the sum of 
whose distances, 71, 72, from two fixed points F,, F;, the foci, has a 
constant value. (If the two foci coincide the figure is a circle.) The 
hyperbola is defined as the locus of all points P in the plane for which the 
absolute value of the difference rı — ra is equal to a fixed constant. 
The parabola is defined as the geometrical locus of all points P for 
which the distance r to a fixed point F is equal to the distance to a given 
line L. 

In terms of analytic geometry these curves can all be expressed by 
equations of the second degree in the codrdinates z, y. It is not hard 
to prove, conversely, that any curve defined analytically by an equation 
of the second degree: 


ax’ + by’ + czy tdz+eytf=0, 


is either one of the three conics, a straight line, a pair of straight lines, 
a point, or imaginary. This is usually proved by introducing a new and 
suitable codrdinate system, as is done in any course in analytic geometry. 

These definitions of the conic sections are essentially metric, since 
they make use of the concept of distance. But there is another defi- 
nition that establishes the place of the conic sections in projective 
geometry: The conic sections are simply the projections of a circle on a plane. 
If we project a circle C from a point O, then the projecting lines will 
form an infinite double cone, and the intersection of this cone with a 
plane r will be the projection of C. This intersection will be an ellipse 
or a hyperbola according as the plane cuts one or both portions of the 
cone. The intermediate case of the parabola occurs if x is parallel to 
one of the lines through O (see Fig. 94). 

The projecting cone need not be a right circular cone with its vertex O 
perpendicularly above the center of the circle C; it may also be oblique. 
In all cases, as we shall here accept without proof, the intersection of 
the cone with a plane will be a curve whose equation is of second degree; 
and conversely, every curve of second degree can be obtained from a 
circle by such a projection. It is for this reason that the curves of 
second degree are called conic sections. 

When the plane intersects only one portion of a right circular cone 
we have stated that the curve of intersection £ is an ellipse. We may 


prove that £ satisfies the usual focal definition of the ellipse, as given 


above, by a simple but beautiful argument given in 1822 by the Belgian 
mathematician G. P. Dandelin. The proof is based on the introduetion 
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of the two spheres S, and S: (Fig. 95), which are tangent to x at the 
points F, and F;, respectively, and which touch the cone along the 
parallel circles Ki and Ky respectively, We join an arbitrary point 





Fig. 04, Conic sections. 


P of E with F, and F; and draw the line Joining P to the vertex O of the 
cone. This line lies entirely on the surface of the cone, and intersects 
the circles K, and K: in the points Q, and Q: respectively. Now PF, 
and PQ, are two tangents from P to 8, , so that 


PF, = PQ. 
Similarly, 
PF, = PQ. 
Adding these two equations we obtain 
PF, + PF, = PQ + PQs. 
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But PQ, + PQ: = QQ: is just the distance along the surface of the 
cone between the parallel circles K, and Kz and is therefore independent 
of the particular choice of the point Pon E&E. The resulting equation, 


PF, + PF; = constant 


O 





Fig. 95. Dandeliu's spheres, 


for all points P of E, is precisely the focal definition of an ellipse. £ is 
therefore an ellipse and F, F2 are its foci. 


Exercise: When a plane cuts both portions of the cone, the curve of intersec- 
tion isa hyperbola, Prove this fact, using one sphere in each portion of the cone, 


2. Projective Properties of Conics 


On the basis of the facts stated in the preceding section we shall 
adopt the tentative definition: a conic is the projection of a circle on a 
plane. This definition is more in keeping with the spirit of projective 
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geometry than is the usual focal definition, since the latter is entirely 
based on the metrie notion of distance. Even our present definition is 
not free from this defect, since “circle’’ is also a concept of metric geome- 
try. We shall in a moment arrive at a purely projective definition 
of the conics. 

Since we have agreed that a conic is merely the projection of a circle 
(i.e., that the word “conic” is to mean any curve in the projective 
class of the circle; see p. 186), it follows that any property of the 
circle that is invariant under projection will also be possessed by any 


eonic Now a circle has the well-known (metric) property that a a given 


conic. Now a circle has the known (metri property that 
arc subtends the same angle at every point O on the ercle. In Figure 96, 
the angle AOB subtended by the are AB is independent of the position 
of O. This fact can be brought into relation with the projective concept 
of cross-ratio by considering not two points A, B but four points A, B, 
C, D onthe circle. The four lines a, b, c, d joining them to a fifth 
point O on the circle will have a cross-ratio (a b c d) which depends 
only on the angles subtended by the arcs CA, CB, DA, DB. If we 





Fig. 06, Crosa-ratios on a circle. 


join A, B, C, D to another point O’ on the circle, we obtain four rays 
a’, b’,c’,d’. From the property of the eircle just mentioned, the two 
quadruples of rays will be “congruent.”t Hence they will have the 
same cross-ratio: (a’ b’ c’ d’) = (a bed). If we now project the 


+ A set of four concurrent lines a, b, ¢, d is said to be congruent to another 
set a’, b’, c’, d' tf the angles between every pair of lines of the first set are equal 
and have the same sense as the angles between corresponding lines of the second 
set. 
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circle into any conic K, we shall obtain on K four points, again called 
A, B, C, D, two other points O, O’, and the two quadruples of lines 
a, b, c, d and a’, b’, ce’, d’. These quadruples will not be congruent, 
since equality of angles is in general] destroyed by projection. But since 
cross-ratio is invariant under projection, the equality (a b c d) = 
(a’ b c’ d’) will still hold. This leads to a fundamental theorem: 
If any four given points A, B, C, D of a conic K are joined toa fifth point 
O of K by lines a, b, c, d, then the value of the cross-ratio (a b c d) is 
independent of the position of O on K (Fig. 97). 





Fig. 97. Cross-ratios on an ellipse. 


This is indeed a remarkable result. We already knew that any four 
given points on a Straight line appear under the same cross-ratio from 
any fifth point O. This theorem on cross-ratios is the basic fact of 
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on a conic, with one important restriction: the fifth point is no longer 
absolutely free in the plane, but is still free to move on the given conic. 

It is not difficult to prove a converse of this result in the following 
form: if there are two points O, O’ on a curve K such that every quad- 
ruple of four points A, B, C, D on K appears under the same cross- 
ratio from both O and O’, then K is a conic, (and therefore A, B, C, D 


appear under the same cross-rat o from any third point or of K). Tha 
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proof is omitted here. 

These projective properties of the conics suggest a general method for 
constructing such curves. By a pencil of lines we shall mean the 
set of all straight lines in a plane which pass through a given point O. 
Now consider the pencils through two points O and O’ which are chosen 
to lie on a conic K. Between the lines of pencil O and those of pencil O’ 
we may establish a biunique correspondence by coupling a line a of O 
with a line a’ of O’ whenever a and a’ meet in a point A of the conic K. 
Then any four lines a, b, c, d of the pencil O will have the same cross-ratio 
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as the four corresponding lines a’, b’, c’, d’ of O’. Any biunique cor- 
respondence between two pencils of lines which has this property is 
called a projective correspondence. (This definition is obviously the 
dual of the definition given on p. 178 of a projective correspondence 
between the points on two lines.) Pencils between which there is 
defined a projective correspondence are said to be projectively related. 
With this definition we can now state: The conic K is the locus of the 
intersections of corresponding lines of two projectively related pencils. 
This theorem provides the basis for a purely projective definition of the 
conics: A conic zs the locus of the intersections of corresponding lines in two 
projectively related pencils.{ It is tempting to follow the path into the 
theory of conics opened by this definition, but we shall confine ourselves 
to a few remarks. 

Pairs of projectively related pencils can be obtained as follows. 
Project all the points P on ¢. straight line } from two different centers Ô 
and O”; in the projecting pencils let lines a and a” which intersect on l 





Fig. 98, Preliminary to construction of projectively related pencils, 


correspond to each other. Then the two pencils will be projectively 
related. Now take the pencil O” and transport it rigidly into any 
position O’. The resulting pencil O° will be projectively related to O. 
Moreover, any projective correspondence between two pencils can be so 
obtained. (This fact is the dual of Ex. 1 on p. 179.) If the pencils O 
and O’ are congruent, we obtain a circle. If angles are equal but with 
opposite sense, the conic is an equilateral hyperbola (see Fig. 99). 

Note that this definition of conic may yield a locus which is a straight 
line, as in Figure 98. In this case the line O O” corresponds to itself, 


t This locus may, under certain circumstances, degenerate into a straight line; 
see Fig. 98. 
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and all its points are counted as belonging to the locus. Hence the 
conic degenerates into a pair of lines, which agrees with the fact there 
are sections of a cone (those obtained by planes through the vertex) 
which consist of two lines. 
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Fig. $9. Circle and equilateral hyperbola generated by projective pencils. 


Exercises: 1) Draw ellipses, hyperbolas, and parabolas by means of projective 
pencils. (The reader is strongly urged to experiment with such constructiona. 
They will contribute greatly to his understanding.) 

2) Given five points, O, O’, A, B, C, of an unknown conic K. It ig re- 
quired to construct the point D where a given line d through O intersects K. 
(Hint: Consider through O the rays a, b, c given by OA, OB, OC, and similarly 
through O’ the rays a’, b’, c’. Draw through O the ray d and construct through 
O’ the ray d’ such that (a, b, c, d) = (a’, b’, c’, d’). Then the intersection of d 
and d’ ig necessarily a point of K.) 


3. Conics as Line Curves 


The concept of tangent to a conic belongs to projective geometry, for 
a tangent to a conic is a straight line that touches the conic in only 
one point, and this property is unchanged by projection. The pro- 
jective propertics of tangents to conics are based on the following funda- 
mental theorem: The cross-ratio of the points of intersection of any four 
fixed tangents to a conic with a fifth tangent is the same for every position 
of the fifth tangent. 

The proof of this theorem is very simple. Since a conie is a projection 
of a circle, and since the theorem concerns only properties which arc 
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invariant under projection, a proof for the case of the circle will suffice 
to establish the theorem in general. 





Fig. 100. A circle as a set of tangents. 


For the circle, the theorem is a matter of elementary geometry. Let 
P, Q, R, S be any four points on a circle K with the tangents a, b, c, d; 
T another point with the tangent o, intersected by a, b, c, din A, B,C, D. 
If M is the center of the circle, then obviously 4% TMA = 4 4 TMP, 





Fig. 101. The tangent property of the circle. 


and $ 4 TMP is cqual to the angle subtended by the arc TP at a point 
of K. Similarly, 4 TMB is the angle subtended by the are TQ at a 


point of K. Therefore x AMB = 1PQ, where 1PQ is the angle sub- 
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tended by the arc PQ at a point of K. Hence the points A, B, C, D 
are projected from M by four rays whose angles are given by the fixed 
positions of P, Q, R, S. It follows that the cross-ratio (A B C D) 
depends only on the four tangents a, b, c, d and not on the particular 
position of the fifth tangent o. This is exactly the theorem that we 
had to prove. 

In the preceding section we have seen that a conic may be constructed 
by marking the points of intersection of corresponding lines in two pro- 
jectively related pencils. The theorem just proved enables us to dualize 
this construction. Let us take two tangents a and a’ of a conic K. A 
third tangent ¢ will intersect a and a’ in two points A and A’ respectively. 
If we allow ¢ to move along the conic, this will set up a correspondence 


AoA’ 


between the points of a and those of a’. This correspondence between 
the points of a and those of a’ will be projective, for by our thcorem 
any four points of a will have the same cross-ratio as the corresponding 
four points of a’. Hence it appears that a conic K, regarded as the set 
of its tangents, consists of the lines which join corresponding points of the 
two projectively related rangest of points on a and a’, 


D 





Fig. 102. Projective point ranges cn two tangents of an ellipse. 


t The set of points on a straight line is called a range of points, This is the 
dual of a pencil of lines. 
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This fact may be used to give a projective definition of a conic as a 
“line curve.” Let us compare it with the projective definition of a 


I 


A conic as a sct of points con- 
sists of the points of intersection of 
corresponding lines in two pro- 
jectively related pencils of lines. 


II 


A conic as a set of lines consists 
of the lines joining corresponding 
poinis in two projectively related 
ranges of points. 











Fig. 104. A parabola defined by similar point ranges. 


If we regard the tangent to a conic at a point as the dual element to 
the point itself, and if we consider a “line curve” (the set of all its 
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tangents) as the dual of a “point curve” (the sct of all its points), then 
the complete duality between these two statements is apparent. In the 
translation from one statement to the other, replacing each concept by 
its dual, the word “conic” remains the same: in one case it ts a “point 
conic,” defined by its points; in the other a “line conic,” defined by its 
tangents. (See Fig. 100, p. 206.) 

An important consequence of this fact is that the principle of duality 
in plane projective geometry, originally stated for points and lines only, 
may now be extended to cover conics. If, in the statement of any theorem 
concerning points, lines, and conics, each element is replaced by tts dual 
(keeping in mind that the dual of a point on a conic is a tangent to the 
conic), the result will also be a true theorem. An example of the working 
of this principle will be found in Article 4 of this section. 

The construction of conics as line curves is shown in Figures 103-104. 
If, on the two projectively related point ranges, the two points at 
infinity correspond to each other (as must be the case with congruent or 
similarf ranges), the conic will be a parabola; the converse is also true. 


Exercisc: Prove the converse theorem: On any two fixed tangents of a parabola 
a moving tangent cuts out two similar point ranges. 


4. Pascal’s and Brianchon’s General Theorems for Conics 


One of the best illustrations of the duality principle for conics is the 
relation between the general theorems of Pascal and of Brianchon. The 
first was discovered in 1640, the second only in 1806. Yet one is an 
immediate consequence of the other, sinee any theorem involving only 
conics, straight lines, and points must remain true if replaced by its 
dual statement. 

The theorems stated in §5 under the same name arc degenerate 
eases of the followmg more general theorems: 

Pascal’s theorem: The opposite edges of a hexagon inscribed in a conie 
meet in three collinear points. 

Brianchon’s theorem: The three diagonals joining opposite vertices of a 
hexagon circumscribed about a conie are concurrent. 

Both theorems are clearly of a projective character. Their dual 
nature becomes obvious if they are formulated as follows: 

Pascal’s theorem: Given six points, 1, 2, 3, 4, 5, 6, om a conic. Join 
successive points by the lines (1, 2), (2, 3), (8, 4), (4, 5), (5, 6), (6, 1). 


t It is obvious what is meant by a “congruent” or a “similar” correspondence 
between two ranges of points. 
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Mark the points of intersection of (1, 2) with (4, 5), (2, 3) with (5, 6), 
and (3, 4) with (6,1). Then these three points of intersection lie on a 
straight line. 

Brianchon’s theorem: Given six tangents, 1, 2, 3, 4, 5, 6, to a conic. 
Successive tangents intersect in the points, (1, 2), (2, 3), (3, 4), (4, 5), 
(5, 6), (6, 1). Draw the lines joining (1, 2) with (4, 5), (2, 3) with 
(5, 6), and (3, 4) with (6, 1). Then these lines go through a point, 





Fig 105. Pascal's genora! configuration. Two cases are illustrated: one for the hexagon 1, 2, 3,4, 5, 6, 
and one for the hexagon 1, 3, 6, 2, 6, 4. 


The proofs can be given by a specialization similar to that used in 
the degenerate cases. To prove Pascal’s theorem, let A, B; C, D, E, F 
be the vertices of a hexagon inscribed in a conic K. By projection we 
can make AB parallel] to ED and FA parallel] to CD, so that we obtain 
the configuration of Figure 107. (For convenience in representation 
the hexagon is taken as self-intersecting, although this is not necessary.) 
Pascal’s theorem now reduces to the simple statement that CB is 
parallel to FE; in other words, the line on which the opposite edges of 
the hexagon mcet is the line at infinity. To prove this, let us consider 
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D E 


Fig. 107. Proof of Pascal's theorem. 
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the points F, A, B, D, which, as we know, are projected by rays having 
a constant cross-ratio k from any other point of K, e.g., from C or E. 
Project these points from C; then the projecting rays intersect AF’ in 
four points, F, A, Y, ©, which have the cross-ratiok. Hence YF:YA = 
k. (See p. 185.) If the same points are now projected from E onto 
BA, we obtain 


k = (XABo) = BX:BA. 
Hence we have 
BX:BA = YF:YA, 
which establishes the parallelism of YB and FX. This completes the 
proof of Pascal’s theorem. 
Brianchon’s theorem follows either by the duality principle or by 


direct reasoning dual to the above. The reader will find it a good 
exercise to carry out the details of the argument. 


5. The Hyperboloid 


In three dimensions the figures that correspond to the conics in the 
plane are the ‘“quadric surfaces”; of these the sphere and the ellipsoid 
are special cases. These surfaces offer more varicty and considerably 
more difficulty than do the conics. Here we shall discuss briefly and 
without giving proofs one of the more interesting quadrics, the ‘‘onc- 
sheeted hyperboloid.” 

This surface may be defined in the following manner. Choose any 
three lines, h, b, l, in general position in space. By this we mean 
that no two of the lines are to lie in the same plane nor are they all to 
be parallel to any one plane. It is a rather surprising fact that there 
will be infinitely many lines in space each of which intersects all three 
of the given lines. To see this, let us take any plane ~ through h. 
Then m will intersect and J; in two points, and the line m joining 
these two points will intersect h, L, and h. As the plane a rotates 
about lı , the line m will move, always intersecting h , l2, l, and will 
generate a surface of infinite extent. This surface is the one-shceted 
hyperboloid; it contains an infinite family of straight lines of the type m. 
Any three of these lines, mı , m2, Ma, will also be in general position, 
and all the lines in space that intersect these three lines will also lic 
in the surface of the hyperboloid. This is the fundamental fact con- 
cerning the hyperboloid: it is made up of two different families of 
straight lines; every three lines of the same family are in general posi- 
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tion, while each line of one family intersects all the lines of the other 
family, 
An important projective property of the hyperboloid is that the cross- 
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ratio of the four points where any four given lines of one family intersect 
a given line of the other family is independent of the position of the 
latter line. This follows directly from the method of construction of 
the hyperboloid by a rotating plane, as the reader may show as an 
exercise. 

One of the most remarkable properties of the hyperboloid is that 
although it contains two families of intersecting straight lines, these 
lines do not make the surface rigid. If a model of the surface is con- 
structed from wire rods, frec to rotate at each intersection, then the 
whole figure may be continuously deformed into a variety of shapes. 


§9. AXIOMATICS AND NON-EUCLIDEAN GEOMETRY 
1. The Axiomatic Method 


The axiomatic method in mathematics goes back at least as far as 
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or presented exclusively in the rigid postulational form of the Elements. 
But so great was the impression made by this work on subsequent genera- 
tions that it became a model for all rigorous demonstration in mathe- 
matics. Sometimes even philosophers, e.g. Spinoza in his Ethica, more 
geometrico demonstrata, tried to present arguments in the form of theo- 
rems deduced from definitions and axioms. In modern mathematics, 


after a departure from the Euclidean tradition during the seventeenth 


and eighteenth centuries, there has been an increasing penetration of 
the axiomatic method into every field. One of the most recent results 
has been the creation of a new discipline, mathematical logic. 

In general terms the axiomatic point of view can be described as 
follows: To prove a theorem in a deductive system is to show that the 
theorem is a necessary logical consequence of some previously proved 
propositions; these, in, turn, must themselves be proved; and so on. 
The process of mathematical proof would therefore be the impossible 
task of an infinite regression unless, in going back, one is permitted to 
stop at some point. Hence there must be a number of statements, 
called postulates or axioms, which are accepted as true, and for which 
proof is not required. From these we may attempt to deduce all other 
theorems by purely logical argument, If the facts of a scientific field 
are brought into such a logical order that all can be shown to follow 
from a selected number of (preferably few, simple, and plausible) state- 
ments, then the field is said to be presented in an axiomatic form. The 
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choice of the propositions selected as axioms is to a large extent arbi- 
trary. But little is gained by the axiomatic method unless the postu- 
lates are simple and not too great in number. Moreover, the postulates 
must be consistent, in the sense that no two theorems deducible from 
them can be mutually contradictory, and complete, so that every theorem 
of the system is deducible from them. For reasons of economy it is 
also desirable that the postulates be independent, in the sense that no 
one of them is a logical consequence of the others. The question of the 
consistency and of the completeness of a set of axioms has been the 
subject of much controversy. Different philosophical convictions con- 
cerning the ultimate roots of human knowledge have led to apparently 
irreconcilable views on the foundations of mathematics. If mathemati- 
cal entities are considered as substantial objects in a realm of “pure in- 
tuition”, independent of definitions and of individual acts of the human 
mind, then of course there can be no contradictions, since mathematica] 
facts are objectively true statements describing existing realities. From 
this “Kantian” point of view there is no problem of consistency. Un- 
fortunately, however, the actual body of mathematics cannot be fitted 
into such a simple philosophical framework. The modern mathematical 
intuitionists do not rely on pure intuition in the broad Kantian sense. 
They accept the denumerably infinite as the legitimate child of intuition, 
and they admit only constructive properties; but thus basic concepts 
such as the number continuum would be banished, important parts 
of actual mathematics excluded, and the rest almost hopelessly com- 
plicated. 

Quite different is the view taken by the “formalists.”” They do not 
attribute an intuitive reality to mathematical objects, nor do they claim 
that axioms express obvious truths concerning the realities of pure 
intuition; their concern is only with the formal logical procedure of 
reasoning on the basis of postulates. This attitude has a definite ad- 
vantage over intuitionism, since it grants to mathematics all the freedom 
necessary for theory and applications. But it imposes on the formalist 
the necessity of proving that his axioms, now appearing as arbitrary 
creations of the human mind, cannot possibly lead to a contradiction. 
Great efforts have been made during the last twenty years to find such 
consistency proofs, at least for the axioms of arithmetic and algebra 
and for the concept of the number continuum. The results are highly 
significant, but success is still far off. Indeed, recent results indicate 
that such efforts cannot be completely successful, in the sense that 
proofs for consistency and completeness are not possible within strictly 
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closed systems of concepts. Remarkably enough, all these arguments 
on foundations proceed by methods that in themselves are thoroughly 
constructive and directed by intuitive patterns. 

Accentuated by the paradoxes of set theory (see p. 87), the clash 
between the intuitionists and the formalists has been much publicized 
by passionate partisans of these schools. The mathematical world has 
resounded with a cry about the ‘‘crisis in the foundations.” But the 
alarm was not, and must not be, taken too seriously. With all credit 
to the achievements produced in the struggle for clarification of the 
foundations, it would be completely unjustified to infer that the living 
body of mathematics is in the least threatened by such differences of 
opinion or by the paradoxes inherent in an uncontrolled drift towards 
boundless generality. 

Quite apart from philosophical considerations and from interest in 
foundations, the axiomatic approach to a mathematical subject is the 
natural way to unravel the network of interconnections between the 
various facts and to exhibit the essential logical skeleton of the structure. 
It sometimes happens that such a concentration on the formal structure 
rather than on the intuitive meaning of the concepts makes it easier to 
find generalizations and applications that might have been overlooked 
in a more intuitive approach. But a significant discovery or an illu- 
minating insight is rarely obtained by an exclusively axiomatic pro- 
cedure. Constructive thinking, guided by the intuition, is the truc 
source of mathematical dynamics. Although the axiomatic form is an 
ideal, it is a dangerous fallacy to believe that axiomatics constitutes the 
essence of mathematics. The constructive intuition of the mathemati- 
cian brings to mathematics a non-deductive and irrational element which 
makes it comparable to music and art. 

Since the days of Euclid, geometry has been the prototype of an 
axiomatized discipline. For centuries Euchd’s set of axioms has been 
the object of intensive study. But only recently has it become apparent 
that his postulates must be modified and completed if all of elemen- 
tary geometry is to be deducible from them. Late in the nineteenth 
century, for example, Pasch discovered that the ordering of points on a 
line, the notion of “betweenness,”’ requires a special postulate. Pasch 
formulated the following statement as an axiom: A straight line that 
intersects one side of a triangle in any point other than a vertex must 
also intersect another side of the triangle. (Lack of regard for such 
details leads to many apparent paradoxes in which absurd consequences 
—e.g. the well-known “proof” that every triangle is isosceles—seem to 
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be deduced rigorously from I‘uclid’s axioms. This is usually done on 
the basis of an improperly drawn figure whose lines seem to intersect 
inside or outside certain triangles or circles, whereas they really do not.) 

In his famous book, Grundlagen der Geometrie (first edition published 
in 1901), Hilbert gave a satisfactory set of axioms for geometry and at 
the same time made an exhaustive study of their mutual independence, 
consistency, and completeness. 

Into any set of axioms there must enter certain undefined concepts, 
such as “point” and “line” in geometry. Their “meaning” or connee- 
tion with objects of the physical world is mathematically unessential. 
They can be regarded as purely abstract entities whose mathematical 
properties in a deduetive system are given entirely by the relations that 
hold among them as stated by the axioms. For example, in projective 
geometry we might begin with the undefined concepts of “point,” 
“line,” and “incidenee,” and with the two dual axioms: “Each two 
distinct points are incident with a unique line” and “Each two distinct 
lines are incident with a unique point.” From the point of view of 
axiomatics, the dual form of such axioms is the very source of the 
principle of duality in projective geometry. Any theorem which con- 
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must admit of dualization. For the proof of the original ‘theorem con- 
sists in the successive application of certain axioms, and the application 
of the dual axioms in the same order will provide a proof for the dual 
theorem. 

The totality of axioms of geometry provides the implicit definition of 
all “undefined” geometrical terms such as “line,” “point,” “incident,” 
etc. For applications it is important that the concepts and axioms of 
geometry correspond well with physically verifiable statements about 
“real,” tangible objects. ‘The physical reality behind the concept of 
“point” is that of a very small object, such as a pencil dot, while a 
“straight line” is an abstraction from a stretched thread or a ray of 
light. The properties of these physical points and straight lines are 
found by experience to agree more or less with the formal axioms of 
geometry. Quite conceivably more precise experiments might necessi- 
tate modification of these axioms if they are adequately to describe 
physical phenomena. But if the formal axioms did not agree more or 
less with the properties of physical objects, then geometry would be of 
little interest. Thus, even for the formalist, there is an authority other 
than the human mind, that decides the direction of mathematical 
thought. 
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2. Hyperbolic Non-Euclidean Geometry 


There is one axiom of Euclidean geometry whose “truth,” that is, 
whose correspondence with empirical data about stretched threads or 
light rays, is by no means obvious. This is the famous postulate of the 
unique parallel, which states that through any point not on a given line 
one and only one line can be drawn parallel to the given line. The 
remarkable feature of this axiom is that it makes an assertion about the 
whole extent of a straight line, imagined as extending indefinitely in 
either direction; for to say that two lines are parallel is to say that they 
never intersect, no matter how far they may be produced. It goes 
without saying that there are many lines through a point which do not 
intersect a given line within any fired finite distance, however large. 
Since the maximum possible length of an actual ruler, thread, or even a 
light ray visible to a telescope is certainly finite, and since within any 
finite circle there are infinitely many straight lines through a given 
point and not intersecting a given line inside the circle, it follows that 
this axiom can never be verified by experiment. All the other axioms 
of Euclidean geometry have a finite character in that they deal with 
finite portions of lines and with plane figures of finite extent. The fact 
that the parallel axiom is not experimentally verifiable raises the ques- 
tion of whether or not it is tndependent of the other axioms. If it were a 
necessary logical consequence of the others, then it would be possible to 
strike it out as an axiom and to give a proof of it in terms of the other 
Euclidean axioms. For centuries mathematicians tried to find such a 
proof, because of the widespread feeling among students of geometry 
that the parallel postulate is of a character essentially different from 
the others, lacking the sort of compelling plausibility which an axiom 
of geometry should possess. One of the first attempts of this nature 
was made by Proclus (fourth century A.D.), a commentator on Euclid, 
who tried to dispense with the need for a special parallel postulate by 
defining the parallel to a given line to be the locus of all points at a 
given fixed distance from the line. In this he failed to observe that the 
difficulty was only shifted to another place, for it would then be necessary 
to prove that the locus of such points is in fact a straight line. Since 
Proclus could not prove this, he would have to accept it instead of the 
parallel axiom as a postulate, and nothing would be gained, for the two 
are easily seen to be equivalent. The Jesuit Saccheri (1667-1733), 
and later Lambert (1728-1777), tried to prove the parallel postulate by 
the indirect method of assuming the contrary and drawing absurd 
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consequences. Far from being absurd, their conclusions really 
amounted to theorems of the non-Euclidean gcometry developed later. 
Had they regarded them not as absurdities, but rather as self-consistent 
statements, they would have been the discoverers of non-Euclidean 
geometry. 

At that time, any geometrical system not absolutely in accordance 
with Euclid’s would have been considered as obvious nonsense. Kant, 
the most influential philosopher of the period, formulated this attitude 


in the statement that Euclid’s axioms are inherent in the human mind, 


and therefore have an objective validity for “real” space. This belief 
in the axioms of Euclidean geometry as unalterable truths, existing in 
the realm of pure intuition, was one of the basic tenets of Kant’s phi- 
losophy. But in the long run, neither old habits of thinking nor philo- 
sophical authority could suppress the conviction that the unending 
record of failure in the search for a proof of the parallel postulate was 
due not to any lack of ingenuity, but rather to the fact that the parallel 
postulate is really independent of the others. (In much the same way, 
the lack of success in proving that the general equation of the fifth degree 
could be solved by radicals led to the suspicion, later verifed, that such 
a solution is impossible.) The Hungarian Bolyai (1802-1860) and the 
Russian Lobachevsky (1793-1856), settled the question by constructing 
in all detail a geometry in which the parallel axiom does not hold. When 
the enthusiastic young genius Bolyai submitted his paper to Gauss, the 
“prince of mathematicians,” for the recognition he so eagerly expected, 
he was informed that his work had been anticipated by Gauss himself, 
but that the latter had not cared to publish his results because he 
dreaded noisy publicity. 

What does the independence of the parallel postulate mean? Simply 
that it is possible to construct a consistent system of “geometrical” 
statements dealing with points, lines, etc., by deduction from a set of 
axioms in which the parallel postulate is replaced by a contrary postulate. 
Such a system is called a non-Euclidean geometry. It required the in- 
tellectual courage of Gauss, Bolyai, and Lobachevsky to realize that such 
a geometry, based on a non-Euclidean system of axioms, can be per- 
fectly consistent. 

To show the consistency of the new geometry, it is not enough to de- 
duce a large body of non-Euclidean theorems, as Bolyai and Lobachev- 
sky did. Instead, we have learned to build “models” of such a geom- 
etry which satisfy all the axioms of Euclid except for the parallel 
postulate. The simplest such model was given by Felix Klein, whose 
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work in the field was stimulated by the ideas of the English geometer 
Cayley (1821-1895). In this model, infinitely many “straight lines” 
can be drawn “parallel” to a given line through an external point. Such 
a geometry is called Bolyai-Lobachevskian or “hyperbolic” geometry. 
(The reason for the latter name will be found on p. 226.) 
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‘uclidean geometry and then renaming certain of these objects and the 
relations between them in such a way that a non-Euclidean geometry 
arises. This must, eo ipso, be just as consistent as the original Euclidean 
geometry, because it is presented to us, seen from another point of view 
and described with other words, as a body of facts of ordinary Euclidean 
geometry. This model can be easily understood by means of some con- 


cepts of projective geometry. 

If we subject the plane to a projective transformation onto another 
plane, or rather onto itself (by afterwards making the image plane 
coincide with the original plane), then, in general, a circle and its interior 
will be transformed into a conie section. But one can easily show (the 
proof is omitted here) that. there exist infinitely many projective trans- 
forniations of the plane onto itself such that a given circle plus its in- 
terior is transformed into itself. By such transformations points of the 
iuterior or of the boundary are in general shifted to other positions, but 
remain inside or on the boundary of the circle. (As a matter of fact, 
one can move the center of the circle into any other interior point.) Let 
us consider the totality of such transformations. Certainly they will 
not leave the shapes of figures invariant, and are therefore not rigid 
displacemeuts in the usual sense. But now we take the decisive step 
of calling them “non-Fuclidean displacements” in the geometry to be 
constructed. By means of these ‘displacements’ we are able to define 
congruence—two figures being called congruent if there exists a non- 
Euclidean displacement. transforming one into the other. 

The Klein model of hyperbolic geometry is then the following: The 
“plane” consists only of the points interior to the cirele; points outside 
are disregarded. Fach point inside the cirele is called a non-Euclidean 
“point”; each chord of the circle is called a non-Euclidean “straight line”; 
“displacement” and “congruence” are defined as above; joining “points” 
and finding the interseetion of “straight lines” in the non-Fuclidean 
sense remain the same as in Euclidean geometry. It is an easy matter 
to show that the new system satisfies all the postulates of uclidean 
geometry, with the one exception of the parallel postulate. That the 
parallel postulate does not bold in the new system is shown by the fact 
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that through any “point” not on a “straight line” infinitely many 
“straight lines” can be drawn having no “point” in common with the 
given “line.” The first “straight line” is a Euclidean chord of the 
circle, while the second “‘straight line” may be any one of the chords 
which pass through the given “point” and do not intersect the first 
“line” inside the circle. This simple model is quite sufficient to settle 
the fundamental question which gave rise to non-Euclidean geometry; 
it proves that the parallel postulate cannot be deduced from the other 
axioms of Euelidean geometry. For if it could be so deduced, it would 
be a true theorem in the geometry of Klein’s model, and we haye seen 
that it is not. 


Strictly speaking, this argument is based on the assumption that the geometry 
of Klein’s mode! is consistent, so that a theorem together with its contrary cannot 
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Fig. 110. Klein’s non-Euclidean model. Fig. 111. Non-Euclidean distance, 


be proved. But the geometry of Klein’s model is certainly as consistent as or- 
dinary Euclidean geometry, since statements concerning ‘‘points,”’ “lines,” ete. 
in Klein’s model are merely different ways of phrasing certain theorems of Fuclid- 
ean gcomctry. A satisfactory proof of the consistency of the axioma of Fuclidean 
geometry has never been given, except by referring baek to the concepts of 
analytic geometry and hence ultimately to the number continuum, whose con- 
sistency is again an open question. 


* One detail which goes beyond the immediate objective should be men- 
tioned here, namely, how to define non-Euclidean “distance” in Klein’s 
model. This “distance” is required to be invariant under any non- 
Euclidean “displacement”; for displacement should leave distances in- 
variant. We know that cross-ratios are invariant under projection. A 
cross-ratio involving two arbitrary points P and Q inside the circle pre- 


sents jtself immediately if the segment PQ is extended to meet the 
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circle in O and S. The cross-ratio (OSQP) of these four points is a 
(positive) number, which one might hope to take as the definition of the 
“distance” PQ between P and Q. But this definition must be modified 
slightly to make it workable. For if the three points P, Q, R are on a 
line, it should be true that PQ + QR = PR. Now in general 


(OSQP) + (OSRQ) = (OSEP). 
Instead, we have the relation 
(1) (OSQP)(OSRQ) = (OSEP), 
as is seen from the equations 


Q0/QS RO/RS _ RO/RS 
PO/PS ` Q0/QS PO/PS 


In consequence of the equation (1) we can give a satisfactory additive 
definition by measuring ‘‘distance,” not by the cross-ratio itself, but by 
the logarithm of the cross-ratio: 
PQ = non-Euclidean distance from P to Q = log (OSQP). 

This distance will be a positive number, since (OSQP) > 1 if P #Q. 
Using the fundamental property of the logarithm (see p. 444), it follows 
from (1) that PQ + QR = PR. The base chosen for the logarithm is 
of no importance, since change of base merely changes the unit of 
measurement. Incidentally, if one of the points, e.g. Q, approaches the 
circle, then the non-Kuclidean distance PQ will increase to infinity. 
This shows that the straight line of our non-Euclidean geometry is of 
infinite non-Euclidean length, although in the ordinary Euclidean sense 
it is only a finite segment of a straight line. 








(OSQP)(OSRQ) = = (OSRP). 


3. Geometry and Reality 


The Klein model shows that hyperbolic geometry, viewed as a formal 
deductive system, is as consistent as the classical Euclidean geometry. 
The question then arises, which of the two is to be preferred as a descrip- 
tion of the geometry of the physical world? As we have already seen, 
experiment can never decide whether there is but one or whether there 
are infinitely many straight lines through a point and parallel to a given 
line. In Euclidean geometry, however, the sum of the angles of any 
triangle ig 180°, while it can be shown that in hyperbolic geometry the 
sum is less than 180°. Gauss accordingly performed an experiment to 
settle the question. He accurately measured the angles in a triangle 
formed by three fairly distant mountain peaks, and found the angle-sum 
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to be 180°, within the limits of experimental error. Had the result been 
noticeably less than 180°, the consequence would have been that hyper- 
bolic geometry is preferable to describe physical reality. But, as it 
turned out, nothing was settled by this experiment, since for small tri- 
angles whose sides are only a few miles in length the deviation from 
180° in the hyperbolic geometry might be so small as to have been un- 
detectable by Gauss’s instruments. Thus, although the experiment was 
inconclusive, it showed that the Euclidean and hyperbolic geometries, 
which differ widely tn the large, coincide so closely for relatively small 
figures that they are experimentally equivalent. Therefore, as long 
as purely local properties of space are under consideration, the choice 
between the two geometries is to be made solely on the basis of simplicity 
and convenience. Since the Euclidean system is rather simpler to 
deal with, we are justified in using it exclusively, as long as fairly small 
distances (of a few million miles!) are under consideration. But we 
should not necessarily expect it to be suitable for describing the universe 
as a whole, in its largest aspects. The situation here is precisely 
analogous to that which exists in physics, where the systems of Newton 
and Einstein give the same results for small distances and velocities, 
but diverge when very large magnitudes are involved. 

The revolutionary importance of the discovery of non-Euclidean 
geometry lay in the fact that it demolished the notion of the axioms 
of Euclid as the immutable mathematical framework into which our 
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4. Poincaré’s Model 


The mathematician is free to consider a “geometry” as defined by any 
sct of consistent axioms about “points,” ‘straight lines,” etc.; his in- 
vestigations will be useful to the physicist only if these axioms corre- 
spond to the physical behavior of objects in the real world. From this 
point of view we wish to examine the meaning of the statement “light 
travels in a straight line.” If this is regarded as the physical definition 
of “straight line,” then the axioms of geometry must be so chosen as to 
correspond with the behavior of light rays. Let us imagine, with Poin- 
caré, a world composed of the interior of a circle C, and such that the 
velocity of light at any point inside the circle is equal to the distance of 
that point from the circumference. It can be proved that rays of light 
will then take the form of circular ares perpendicular at their extremities 
to the circumference C. In such a world, the geometrical properties of 
“straight lines” (defined as light rays) will differ from the Euclidean 
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properties of straight lines. In particular, the parallel axiom will not 
hold, since there will be infinitely many ‘“‘straight lines” through any 
point which do not intersect a given “straight line.” As a matter of 
fact, the “points” and “‘straight lines” in this world will have exactly 
the geometrical properties of the “points” and “lines” of the Klein 
model. In other words, we shall have a different model of a hyper- 
bolic geometry. But Euclidean geometry will also apply in this world; 
instead of being non-Euclidean “straight lines,” the light rays would 
be Euclidean circles perpendicular to C. Thus we see that different 
systems of geometry can describe the same physical situation, provided 


Fig. 112. Poincaré’s non-Euclidean model. 
that the physical objects (in this case, light rays) are correlated with 
different concepts of the two systems: 
light ray — “straight line’ —hyperbolic geometry 
light ray — “‘circle”—Euclidean geometry. 


Since the concept of a straight line in Euelidean geometry corresponds 
to the behavior of a light ray in a homogeneous medium, we would 
say that the geometry of the region inside C is hyperbolic, meaning only 
that the physical properties of light rays in this world correspond to the 
properties of the “straight lines” of hyperbolic geometry. 


5. Elliptic or Riemannian Geometry 


In Euclidean geometry, as well as in the hyperbolic or Bolyai- 
Lobachevskian geometry, the taeit assumption is made that the line is 
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infinite (the infinite extent of the line is essentially tied up with the 
concept and the axioms of ‘“betweenness”). But after hyperbolic 
geometry had opened the way for freedom in constructing geometries, 
it was only natural to ask whether different non-Euclidean geometries 
could be constructed in which a straight line is not infinite but finite 
and closed. Of course, in such geometries not only the parallel pos- 
tulate, but also the axioms of ‘‘betweenness”’ will have to be abandoned. 
Modern developments have brought out the physical importance of 
these geometries. They were first considered in the inaugural address 
delivered in 1851 by Riemann upon his admission as an unpaid in- 
structor (“Privat-Docent”) at the University of Goettingen. Geome- 
tries with closed finite lines can be constructed in a completely consistent 


Fig. 113, “Straight lines" in a Riemannian geometry. 


way. Let us imagine a two-dimensional world consisting of the surface 
S of a sphere, in which we define “straight line” to mean great circle of 
the sphere. This would be the natural way to describe the world of a 
navigator, since the arcs of great circles are the curves of shortest length 
between two points on a sphere and this is a characteristic property of 
straight lines in the plane, In such a world, every two “straight lines” 
intersect, so that from an external point no line can be drawn parallel 
to (i.e. not intersecting) a given “straight line.” The geometry of 
“straight lines” in this world is called an elliptic geometry. In this 
geometry, the distance between two points is measured simply by the 
distance along the shorter arc of the great circle connecting the points. 
Angles are measured as in Euclidean geometry. We generally consider 
as typical of an elliptic geometry the fact that no parallel exists to a line. 
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Following Riemann, we can generalize this geometry as follows. Let 
us consider a world consisting of a curved surface in space, not neces- 
sarily a sphere, and let us define the “straight line” Joining any two 
points to be the curve of shortest length or “geodesic” joining these 
points. The points of the surface can be divided into two classes:—1. 
Points in the neighborhood of which the surface is like a sphere in that 
it lies wholly on one side of the tangent plane at the point. 2. Points 
in the neighborhood of which the surface is saddle-shaped, and lies on 
both sides of the tangent plane at the point. Points of the first kind 


Fig. 114. Elliptic point. 


are called elliptic points of the surface, since, if the tangent plane is 
shifted slightly parallel to itself, it intersects the surface in an elliptical 
curve; while points of the second kind are called hyperbolic, since, 
if the tangent plane is shifted slightly parallel to itself, it intersects the 
surface in ¢ curve resembling a hyperbola. The geometry of the geo- 
desic “‘straight lines” in the neighborhood of a point of the surface is 
elliptic or hyperbolic according as the point is an elliptic or hyperbolic 
point. In such a model of non-Fuclidean geometry, angles are meas- 
ured by their ordinary Euclidean value. 

This idea was developed by Riemann, who considered a geometry of 
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space analogous to this geometry of a surface, in which the “curvature” 
of space may change the character of the geometry from point to point. 
The ‘‘straight lines” in a Riemannian geometry are the geodesics. In 
Einstein’s general theory of relativity the geometry of space is a Rie- 
mannian geometry, light travels along geodesics, and the curvature of 
space is detcrmined by the nature of the matter that fills it. 

From its origin in the study of axiomatics, non-Euclidean geometry 
has developed into an exceedingly useful instrument for application to 
the physical world. In the theory of relativity, in optics, and in the 
general theory of wave propagation, a non-Euclidean description of 
phenomena is sometimes far more adequate than a Euclidean one. 





Fig. 118, Hyperbolio point. 


APPENDIX 


*GEOMETRY IN MORE THAN THREE DIMENSIONS 
1. Introduction 


The “‘real space” that is the medium of our physical experience has 
three dimensions, the plane has two dimensions, and the line one. Our 
spatial intuition in its ordinary sense is definitely limited to three 
dimensions. Still, on many occasions it is quite convenient to speak 
of “spaces” having four or more dimensions. What is the meaning of 
an n-dimensional space when n is greater than three, and what purposes 
can it serve? An answer can be given from the analytic as well as from 
the purely geometric point of view. The terminology of n-dimensional 
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space may be regarded merely as a suggestive geometric language for 
mathematical ideas that are no longer within reach of ordinary geometric 
intuition. We shall give a brief indication of the simple considerations 
that motivate and justify this language. 


2. Analytic Approach 


We have already remarked on the inversion of meaning which came 
about in the course of development of analytic geometry. Points, lines, 
curves, etc. were originally considered to be purely “geometrical” 
entities, and the task of analytic geometry was merely to assign to them 
systems of numbers or equations, and to interpret or to develop geometri- 
cal theory by algebraic or analytic methods. In the course of time the 
opposite point of view began increasingly to assert itself. A number z, 
or a pair of numbers z, y, or a triple of numbers z, y, z were considered 
as the fundamental objects, and these analytic entities were then ‘‘visual- 
ized” as points on a line, in a plane, or in space. From this point of 
view geometrical language serves only to state relations between 
numbers. We may discard the primary or even the independent char- 
acter of geometrical objects by saying that a number pair z, y is a point 
in the plane, the set of all number pairs z, y that satisfy the linear 
equation L(z, y) = az + by + c = 0 with fixed numbers a, b, cis a 
line, etc. Similar definitions may be made in space of three dimensions. 

Even if we are primarily interested in an algebraic problem, it may 
be that the language of geometry lends itself to an adequate brief de- 
scription of it, and that geometrical intuition suggests the appropriate 
algebraic procedure. For example, if we wish to solve three simul- 
taneous linear equations for three unknown quantities z, y, z: 


L(z, y, z) = ax + by tez +d =0 

Li(z, y, 2) = a’'x + by + c’z +d’ =0 

L” (z, y, z) = a"r + by -+ cz + d” 0, 
we may visualize the problem as that of finding the point of intersection 
in three dimensional space R; of the three planes defined by the equa- 
tions L = 0, L’ = 0, L” = 0. Again, if we are considering only the 
number pairs z, y for which z > 0, we may visualize them as the half- 


plane to the right of the z-axis. More generally, the totality of number 
pairs z, y for which 


li 


li 


L(x, y) =axr+by+d>0 
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may be visualized as a half-plane on one side of the line L = 0, and the 
totality of number triples z, y, z for which 


L(x, y, z) =az+byteet+d>0 


may be visualized as the “half-space” on one side of the plane 
L(z, y, 2) = 0. 

The introduction of a ‘four-dimensional space” or even an ‘'n-dimen- 
sional space” is now quite natural. Let us consider a quadruple of 
numbers z, y, z, f. Sueh a quadruple is said to be represented by, or 
simply, to be a point in four-dimensional space Ay. More generally, 
a point of n-dimensional space R, is by definition simply an ordered set 
of n real numbers 71, £a, +-:,2%,. It does not matter that we cannot 
visualize such a point. The geometrical language remains just as 
suggestive for algebraic properties involving four or n variables. The 
reason for this is that many of the algebraic properties of linear equa- 
tions, etc. are essentially independent of the number of variables in- 
volved, or, as we may say, of the dimension of the space of the 
variables. For example, we call “hyperplane” the totality of all points 
21, 2, ***, Zn in the n-dimensional space R, which satisfy a linear 
equation 


L(x, £2, ++ In) = Qı + atz +--+ + ann +b = 0. 
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Ln(i, T2, s. 1 Xn) = 0, 


is stated in geometrical language as that of finding the point of inter 
section of the n hyperplanes Lı = 0, L: = 0,---, L, = 0. 

The advantage of thts geometrical mode of expression ts only that it 
emphasizes certain algebraic features which are independent of n and which 
are capable of visualization for n < 3. In many applications the use of 
such a terminology has the advantage of abbreviating, facilitating, and 
directing the intrinsically analytic considerations. The theory of rela- 
tivity may be mentioned as an example where important progress was 
attained by uniting the space co6rdinates z, y, z and the time codrdinate 
tof an “event.” into a four-dimensional ‘‘space-time” manifold of number 
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quadruples z, y, z & By the introduction of a non-Euclidean hyper- 
bolic geometry into this analytic framework, it became possible to de- 
scribe many otherwise complex situations with remarkable simplicity. 
Similar advantages have accrued in mechanics and statistical physics, 
as well as in purely mathematical fields. 

Here are some examples from mathematics. The totality of all circles 
in the plane forms a three-dimensional manifold, because a circle with 
center z, y and radius £ can be represented by a point with the co- 
6rdinates z, y, t Since the radius of a circle is a positive number, the 
totality of points representing circles fills out a half-space. In the 
same way, the totality of all spheres in ordinary three-dimensional space 
forms a four-dimensional manifold, since each sphere with center 
z, y, 2 and radius ¢ can be represented by a point with codrdinates 
z, y, 2, t. A cube in three-dimensional space with edge of length 2, 
sides parallel to the codrdinate planes, and center at the origin, consists 
of the totality of all points zı, zz, 23 for which | zij < 1, | aj] < 1, 
|za| < 1. In the same way a “cube” in n-dimensional space Ra with 
edge 2, sides parallel to the codrdinate planes, and center at the origin, 
is defined as the totality of points 2; , 22, ++» , £a for which simultane- 
ously 
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The “surface” of this cube consists of all points for which at least one 
equality sign holds. The surface elements of dimension n — 2 consist 
of those points where at least two equality signs hold, etc. 


Exercise: Describe the surface of such a cube in the three-, four-, and n-dimen- 
sional cases. 


*3. Geometrical or Combinatorial Approach 


While the analytical approach to n-dimensional geometry is simple and 
well adapted to most applications, there is another method of procedure 
which is purely geometrical in character. It is based on a reduction from 
n- to (n — 1)-dimensional data that enables us to define geometry in 
higher dimensions by a process of mathematical induction. 

Let us start with the boundary of a triangle ABC in two dimensions. 
By cutting the closed polygon at the point C and then rotating AC and 
BC into the line AB we obtain the simple straight figure of Figure 116 
in which the point C appears twice. This one-dimensional figure gives 
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a complete representation of the boundary of the two dimensional 
triangle. By bending the segments AC and BC together in a plane, we 
can make the two points C coincide again. But, and this is the im- 
portant point, we need not do this bending. We need only agree to 
“identify,” i.e. not to distinguish between, the two points C in Figure 
116, even though they do not actually coincide as geometrical entities 
in the naive sense. We may even go a step farther by taking the three 
segments apart at the points A and B, obtaining a set of three segments 
CA, AB, BC which can be put together again to form a “‘real’’ triangle 
by making the identified pairs of points coincide. This idea of identi- 
fying different points in a set of segments to form a polygon (in this 
case & triangle) is sometimes very practical. If we wish to ship a 
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Fig. 116. Triangle defined by segmenta with codrdinated ends. 


complicated framework of steel bars, such as the framework of a bridge, 
we ship it in single bars and mark by the same symbol those endpoints 
which are to be connected when the framework is put together in space. 
The system of bars with marked endpoints is a complete equivalent of 
the spatial framework. This remark suggests the way to reduce a two- 
dimensional polyhedron in three-dimensional space to figures of lower 
dimensions. Let us take, for example, the surface of a cube (Fig. 117). 
It can be immediately reduced to a system of six plane squares whose 
boundary segments are appropriately identified, and in another step to 
a system of 12 straight segments with their endpoints properly identified. 

In general, any polyhedron in three-dimensional space Ka can be re- 
duced in this way either to a system of plane polygons, or to a system 
of straight segments. 
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Exercise: Carry out this reduction for all the regular polyhedra (see p. 237). 


It is now quite clear that we can invert our reasoning, defining a 
polygon in the plane by a system of straight segments, and a polyhedron 
in R; by a system of polygons in R, or again, with a further reduction, 
by a system of straight segments. Hence it is natural to define a 
“polyhedron” in four-dimensional space R, by a system of polyhedra 
in Ra with proper identification of their two-dimensional faces; polyhedra 
in Rs by systems of polyhedra in Rı, and so on. Ultimately we can 
reduce every polyhedron in R, to a system of straight segments. 





Fig. 117. Cube defined by codrdination of vertices and edges. 


It is not possible here to develop this subject much further. Only a 
few remarks without proof may be added. A cube in R, is bounded 
by 8 three-dimensional cubes, each identified with a “neighbor” along 
a two-dimensional face. The cube in R, has 16 vertices, in each of 
which four of the 32 straight edges meet. In KR, there are six regular 
polyhedra. Besides the “cube” there is one bounded by 5 regular 
tetrahedra, one bounded by 16 tetrahedra, one bounded by 24 octahedra, 


one bounded by 120 dodecahedra, and one bounded by 600 tetrahedra. 
For n > 4 dimensions it has been proved that only 3 regular polyhedra 
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are possible: one with n + 1 vertices bounded by n + 1 polyhedra in 
R,-1 with n sides of (n — 2) dimensions; one with 2” vertices bounded 
by 2n polyhedra in 2,1 with 2n — 2 sides; and one with 2n vertices and 
2” polyhedra of n sides in R,-: as boundaries. 


* Exercise: Compare the definition of the cube in R4 given in Article 2 with the 
definition given in this article, and show that the ‘analytical’ definition of the 
surface of the cube of Article 2 is equivalent to the ‘‘combinatorial’’ definition 
of this article. 


From the structural, or “combinatorial,” point of view, the simplest 
geometrical figures of dimension 0, 1, 2, 3 are the point, the segment, 
the triangle, and the tetrahedron, respectively. In the interests of a 
uniform notation let us denote these figures by the symbols Te, Ti, 
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Fig. 118. The simplest elements in 1, 2, 3, 4 dimensions. 


Tz, Ts, respectively. (The subscripts denote the dimension.) The 
structure of each of these figures is described by the statement that 
each T, contains n + 1 vertices and that each subset of ¢ + 1 vertices 
of a T, (i = 0, 1, ---, n) determines a T;. For example, the three- 
dimensional] tetrahedron Ta contains 4 vertices, 6 segments, and 4 
triangles. 

It is clear how to proceed. We define a four-dimensional “‘tetrahe- 
dron” 7, as a set of five vertices such that each subset of four vertices 
determines a 7;, each subset of three vertices determines a T, etc. 
The schematic diagram of T, is shown in Figure 118. We see that Ti 
contains 5 vertices, 10 segments, 10 triangles, and 5 tetrahedra. 

The generalization to n dimensions is immediate. From the theory 
r! 


of combinations it is known that there are exactly Ci = i i 
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of r objects. Hence an n-dimensional “tetrahedron” contains 
1 a 
rrsn+1 vertices (To's), 
f i b aa U | 
ati nT 1)! 


2 = 2n — I segments (Trs), 


pH a nan , triangles (Ts), 


n+l (n + 1)! 
— 4l(n — 3)! 


Ezercise: Draw a diagram of T; and determine the number of different 7;'s it 
contains, fors = 0, I, ---, 5. 


CHAPTER V 
TOPOLOGY 


INTRODUCTION 


In the middle of the nineteenth century there began a completely new 
development in geometry that was soon to become one of the great 
forces in modern mathematics. The new subject, called analysis situs 
or topology, has as its object the study of the properties of geometrical 
figures that persist even when the figures are subjected to deformations 
go drastic that all their metric and projective properties are lost. 

One of the great geometers of the time was A. F. Moebius (1790-1868), 
a man whose lack of self-assertion destined him to the career of an 
ingignificant astronomer in a second-rate German observatory. At the 
age of sixty-eight he submitted to the Paris Academy a memoir on 
“one-sided” surfaces that contained some of the most surprising facts of 
this new kind of geometry. Like other important contributions before 
it, his paper lay buried for years in the files of the Academy until it was 
eventually made public by the author. Independently of Moebius, the 
astronomer J. B. Listing (1808-1882) in Goettingen had made similar 
discoveries, and at the suggestion of Gauss had published in 1847 a little 
book, Vorstudien zur Topologie. When Bernhard Riemann (1826-1866) 
came to Goettingen as a student, he found the mathematical atmosphere 
of that university town filled with keen interest in these strange new 
geometrical ideas. Soon he realized that here was the key to the under- 
standing of the deepest properties of analytic functions of a complex 
variable. Nothing, perhaps, has given more impetus to the later de- 
velopment of topology than the great structure of Riemann’s theory of 
functions, in which topological concepts are absolutely fundamental. 

At first, the novelty of the methods in the new field left mathemati- 
clans no time to present their results in the traditional postulational 
form of elementary geometry. Instead, the pioneers, such as Poincaré, 
were forced to rely largely upon geometrical intuition. Even today a 
student of topology will find that by too much insistence on a rigorous 
form of presentation he may easily lose sight of the essential geometrical 
content in a mass of formal detail. Still, it is a great merit of recent 
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work to have brought topology within the framework of rigorous mathe- 
matics, where intuition remains the source but not the final validation 
of truth. During this process, started by L. E. J. Brouwer, the sig- 
nificance of topology for almost the whole of mathematics has steadily 
increased. American mathematicians, in particular O. Veblen, J. W. 
Alexander, and S. Lefschetz, have made important contributions to the 
subject. 

While topology is definitely a creation of the last hundred years, there 
were a few isolated earlier discoveries that later found their place in 
the modern systematic development. By far the most important of 
these is a formula, relating the numbers of vertices, edges, and faces 
of a simple polyhedron, observed as early as 1640 by Descartes, and 
rediscovered and used by Euler in 1752. The typical character of this 
relation as a topological theorem became apparent much later, after 
Poincaré had recognized “Euler’s formula” and its generalizations as 
one of the central theorems of topology. So, for reasons both historical 
and intrinsic, we shall begin our discussion of topology with Euler's 
formula. Since the ideal of perfect rigor is neither necessary nor de- 
sirable during one’s first steps in an unfamiliar field, we shall not hesitate 
from time to time to appeal to the reader’s geometrical intuition. 


§1. EULER’S FORMULA FOR POLYHEDRA 


Although the study of polyhedra held a central place in Greek geome- 

try, it remained for Descartes and Euler to discover the following fact: 
In a simple polyhedron let V denote the number of vertices, Æ the 
number of edges, and F the number of faces; then always 
(1) V-H+F=2. 
By a polyhedron is meant a solid whose surface consists of a number of 
polygonal faces. In the case of the regular solids, all the polygons are 
congruent and all the angles at vertices are equal. A polyhedron is 
simple if there are no “holes” in it, so that its surface can be deformed 
continuously into the surface of a sphere. Figure 120 shows a simple 
polyhedron which is not regular, while Figure 121 shows a polyhedrou 
which is not simple, 

The reader should check the faet that Enler's formula holds for the 
simple polyhedra of Figures 119 and 120, but does not hold for the 
polyhedron of Figure 121, 

To prove Jiuler’s formula, let us imagine the given simple polyhedron 
to be hollow, with a surface made of thm rubber. Then if we cut out 
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one of the faces of the hollow polyhedron, we can deform the remaining 
ntil it stretches out flat on a plane. Of course, the areas of the 
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Fig. 119. The regular polyhedra. 


faces and the angles between the edges of the polyhedron will have 
changed in this process. But the network of vertices and edges in the 
plane will contain the same number of vertices and edges as did the 





Fig. 120. A simple polyhedron. V-—-E+F=9—-—18+ 11 =? 





Fig. 12). A non-simnta polybedron. V- E+ F = 16 — 32 + 16 = 0, 
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original polyhedron, while the number of polygons will be one less than 
in the original polyhedron, since one face was removed. We shall now 
show that for the plane network, V — E + F = 1, so that, if the removed 
face is counted, the result is V — # + F = 2 for the original polyhedron. 

First we “triangulate” the plane network in the following way: In 
some polygon of the network which is not already a triangle we draw a 
diagonal. The effect of this is to increase both Æ and F by 1, thus 
preserving the value of V — E + F. We continue drawing diagonals 
joining pairs of points (Fig. 122) until the figure consists entirely of 
triangles, as it must eventually., In the triangulated network, 
V — E + F has the value that it had before the division into tri- 
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Fig. 122. Proof of Euler's theorem. 


angles, since the drawing of diagonals has not changed it. Some of the 
triangles have edges on the boundary of the plane network. Of these 
some, such as ABC, have only one edge on the boundary, while other 
triangles may have two edges on the boundary. We take any boundary 
triangle and remove that part of it which does not also belong to some 
other triangle. Thus, from ABC we remove the edge AC and the face, 
leaving the vertices A, B, C and the two edges AB and BC; while from 
DEF we remove the face, the two edges DF and FE, and the vertex F. 
The removal of a triangle of type ABC decreases E and F by 1, while V 
is unaffected, so that V — E + F remains the same. The removal of a 
triangle of type DEF decreases V by 1, E by 2, and F by 1, so that 
V — E + F again remains the same. By a properly chosen sequence of 
these operations we can remove triangles with edges on the boundary 
(which changes with each removal), until finally only one triangle 
remains, with its three edges, three vertices, and one face. For this 
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simple network, V — E + F =3— 3+1 = 1. But we have seen 
that by constantly erasing triangles V — E + F was not altered. 
Therefore in the original plane network V — E + F must equal 1 also, 
and thus equals 1 for the polyhedron with one face missing. We 
conclude that V — E + F = 2 for the complete polyhedron. This 
completes the proof of Euler’s formula. (See (56), (57), pp. 496-7.) 


On the basis of Euler’s formula it is easy to show that there are no more than 
five regular polyhedra. For suppose that a regular polyhedron has F faces, each 
of which is an n-sided regular polygon, and that r edges meet at each vertex, 
Ce unting edges by faces and vertices, we see that 


(2) nF = 2E; 


for each edge belongs to two faces, and hence is counted twice in the product nF’; 
moreover, 





(3) rV = 2E, 
since each edge has two vertices. Hence from (1) we obtain the equation 
2 2E 
2E + E -E = 2 
n r 
or 
1 1 1 1 
(4) n + r 2? + E 


We know to begin with that n > 3 and r > 3, since a polygon muat have at least 
three sides, and at least three sides must meet at each polyhedral angle. But 
n and r cannot both be greater than three, for then the left hand side of equation 
(4) could not exceed 4, which is impossible for any positive value of E. There- 
fore, let us see what values r may have when n = 3, and what values n may have 
whenr = 3. The totality of polyhedra given by these two cases gives the number 
of possible regular polyhedra. 
For n = 3, equation (4) becomes 


1 1 1 


PTIT 
r can thus equal 3, 4, or §. (6, or any greater number, is obviously excluded, 
since 1/E is always positive.) For these values of n and r we get E = 6, 12, or 30, 
corresponding respectively to the tetrahedron, octahedron, and itosahe‘lron. 
Likewise, for r = 3 we obtain the equation 


1 1 1 


n 67 B 
from which it follows that n = 3, 4, or 5, and E = 6, 12, or 30, respectively. These 
values correspond respectively to the tetrahedron, cube, and dodecahedron. 
Substituting these values for n, r, and E in equations (2) and (3), we obtain the 
numbers of vertices and faces in the corresponding polyhedra. 
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We have proved that the Euler formula holds for any Simple polyhe- 
dron. But the range o of validity of this formula oes far beyond the 
polyhedra of elementary geometry, with their flat faces and straight 
edges; the proof just given would apply equally well to a simple polyhe- 
dron with curved faces and edges, or to any subdivision of the surface 
of a sphere into regions bounded by curved arcs. Moreover, if we 
imagine the surface of the polyhedron or of the sphere to be made out 
of a thin sheet of rubber, the Euler formula will still hold if the surface 
is deformed by bending and stretching the rubber into any other shape, 
so long as the rubber is not torn in the process. For the formula is 
concerned only with the numbers of the vertices, edges, and faces, and 
not with lengths, areas, straightness, cross-ratios, or any of the usual 
concepts of elementary or projective geometry. 

We recall that elementary geometry deals with the magnitudes 
(length, angle, and area) that are unchanged by the rigid motions, 
while projective geometry deals with the concepts (point, line, incidence, 
and cross-ratio) which are unchanged by the still larger group of projec- 
tive transformations. But the rigid motions and the projections are 
both very special cases of what are called topological transformations: 
a topological transformation of one geometrieal figure A into another 
figure A’ is given by any correspondence 

perp’ 
between the points p of A and the points p’ of A’ which has the follow- 
ing two properties: 

1. The correspondence is biunigue. This means that to each point 
p of A corresponds just one point p’ of A’, and conversely. 

2. The correspondence is continuous in both directions. This means 
that if we take any two points p, g of A and move p so that the distance 
between it and q approaches zero, then the distance between the cor- 
responding points p’, q’ of A’ will also approaeh zero, and conversely. 

Any property of a geometrical figure A that holds as well for every 
figure into which A may be transformed by a topological transformation 
is called a topological property of A, and topology is the branch of geometry 
which deals only with the topological properties of figures. Imagine a 
figure to be copied “free-hand” by a conscientious but inexpert drafts- 
man who makes straight lines curved and alters angles, distances and 
areas; then, although the metric and projective properties of the original 
figure would be lost, its topological properties would remain the same. 
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The most intuitive examples of general topological transformations 
are the deformations. Imagine a figure such as a sphere or a triangle 
to be made from or drawn upon a thin sheet of rubber, which is then 
stretched and twisted in any manner without tearing it and without 
bringing distinct points into actual coincidence. (Bringing distinct 
points into coincidence would violate condition 1. Tearing the sheet 
of rubber would violate condition 2, since two points of the original 
figure which tend toward coincidence from opposite sides of a line along 
which the sheet is torn would not tend towards coincidence in the torn 
figure.) The final position of the figure will then be a topological image 
of the original. A triangle can be deformed into any other triangle or 





Fig. 124. Topologically non-equivalent surfaces. 


into a circle or an ellipse, and hence these figures have exactly the same 
topological properties. But one cannot deform a circle into a line seg- 
ment, nor the surface of a sphere into the surface of an inner tube. 

The general concept of topological transformation is wider than the 
concept of deformation. For example, if a figure is cut during a de- 
formation and the edges of the cut sewn together after the deformation 
in exactly the same way as before, the process still defines a topological 
transformation of the original figure, although it is not a deformation. 
Thus the two curves of Figure 134 (p. 256) are topologically equivalent 
to each other or to a circle, since they may be cut, untwisted, and the 
cut sewn up. But it is impossible to deform one curve into the other 
or into a circle without first cutting the curve. 

Topological properties of figures (such as are given by Euler’s theorem 
and others to be discussed in this section) are of the greatest interest 
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and importance in many mathematical investigations. They are in a 
sense the deepest and most fundamental of all geometrical properties, 
since they persist under the most drastic changes of shape. 


2. Connectivity 


As another example of two figures that are not topologically equiva- 
lent we may consider the plane domains of Figure 125. The first of 





Fig. 126. Cutting a doubly connected domain to make it simply connected. 


these consists of all points interior to a circle, while the second consists 
of all points contained between two concentric circles. Any closed 
curve lying in the domain a can be continuously deformed or “shrunk” 
down to a single point within the domain. A domain with this property 
is said to be semply connected. The domain b is not simply connected. 
For example, a circle concentric with the two boundary circles and mid- 
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way between them cannot be shrunk to a single point within the domain, 
since during this process the curve would necessarily pass over the center 
of the circles, which is not a point of the domain. A domain which is 
not simply connected is said to be multiply connected. If the multiply 
connected domain b is cut along a radius, as in Figure 126, the resulting 
domain is simply connected. 

More generally, we can construct domains with two, three, or more 
“holes,” such as the domain of Figure 127. In order to convert this 
domain into a simply connected domain, two cuts are necessary. If 





Fig. 127. Reduction of a triply connected domain, 


n — 1 non-intersecting cuts from boundary to boundary are needed to 
convert a given multiply connected domain D into a simply connected 
domain, the domain D is said to be n-tuply connected. The degrec of 
connectivity of a domain in the plane is an important topological 
invariant of the domain. 


$83. OTHER EXAMPLES OF TOPOLOGICAL THEOREMS 
1. The Jordan Curve Theorem 


A simple closed curve (one that does not intersect itself) is drawn 
in the plane. What property of this figure persists even if the plane is 
regarded as a sheet of rubber that can be deformed in any way? The 
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length of the curve and the area that it encloses can be changed by a 
deformation. But there is a topological property of the configuration 
which is so simple that it may seem trivial: A simple closed curve C in 
the plane divides the plane into exactly two domains, an inside and an 
outside. By this is meant that the points of the plane fall into two 
classes—A, the outside of the curve, and B, the inside—such that any 
pair of points of the same class can be joined by a curve which does not 
cross C, while any curve joining a pair of points belonging to different 
classes must cross C. This statement is obviously true for a circle or 
an ellipse, but the self-evidence fades a little if one contemplates a 
complicated curve like the twisted polygon in Figure 128. 
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Fig. 128. Which pointa of the plane are inside this polygon? 


This theorem was first stated by Camille Jordan (1838-1922) in his 
famous Cours d'Analyse, from which a whole generation of mathema- 
ticians learned the modern concept of rigor in analysis. Strangely 
cnough, the proof given by Jordan was neither short nor simple, and 
the surprise was even greater when it turned out that Jordan's proof 
was invalid and that considerable effort was necessary to fill the gaps in 
his reasoning. The first rigorous proofs of the theorem were quite 
complicated and hard to understand, even for many well-trained mathe- 
maticians. Only recently have comparatively simple proofs been 
found. One reason for the difficulty lies in the generality of the concept 
of “simple closed curve,” which is not restricted to the class of polygons 
or “smooth” curves, but includes all curves which are topological 
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images of a circle. On the other hand, many concepts such as “inside,” 
“outside,” etc., which are so clear to the intuition, must be made precise 
before a rigorous proof is possible. It is of the highest theoretical im- 
portance to analyze such concepts in their fullest generality, and much 
of modern topology is devoted to this task. But one should never 
forget that in the great majority of cases that arise from the study of 
concrete geometrical phenomena it is quite beside the point to work 
with concepts whose extreme generality creates unnecessary difficulties. 
As a matter of fact, the Jordan curve theorem is quite simple to prove 
for the reasonably well-behaved curves, such as polygons or curves with 
continuously turning tangents, which occur in most important problems. 
We shall prove the theorem for polygons in the appendix to this chapter. 


2. The Four Color Problem 


From the example of the Jordan curve theorem one might suppose 
that topology is concerned with providing rigorous proofs for the sort 
of obvious assertions that no sane person would doubt. On the con- 
trary, there are many topological questions, some of them quite simple 
in form, to which the intuition gives no satisfactory answer. An example 
of this kind is the renowned “‘four color problem.” 


Fig. 129, Coloring a map. 


In coloring a geographical map it is customary to give different colors 
to any two countries that have a portion of their boundary in common. 
It has been found empirically that any map, no matter how many 
countries it contains nor how they are situated, can be so colored by 
using only four different colors. It is easy to see that no smaller number 
of colors will suffice for all cases. Figure 129 shows an island in the sea 
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that certainly cannot be properly colored with less than four colors, 
since it contains four countries, each of which touches the other three. 

The fact that no map has yet been found whose coloring requires 
more than four colors suggests the following mathematical theorem: 
For any subdivision of the plane into non-overlapping regions, it 1s always 
possible to mark the regions with one of the numbers 1, 2, 3, 4 in such a way 
that no two adjacent regions receive the same number. By “adjacent” 
regions we mean regions with a whole segment of boundary in common; 
two regions which meet at a single point only or at a finite number of 
points (such as the states of Colorado and Arizona) will not be called 
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adjacent, since no confusion would arise if they were colored with the 
same color. 

The problem of proving this theorem seems to have been first pro- 
posed by Moebius in 1840, later by DeMorgan in 1850, and again by 
Cayley in 1878. A “proof” was published by Kempe in 1879, but in 
1890 Heawood found an error in Kempe’s reasoning. By a revision of 
Kempe’s proof, Heawood was able to show that five colors are always 
sufficient. (A proof of the five color theorem is given in the appendix 
to this chapter.) Despite the efforts of many famous mathematicians, 
the matter essentially rests with this more modest result: It has been 
proved that five colors suffice for all maps and it is conjectured that four 
will likewise suffice. But, as in the case of the famous Fermat theorem 
(see p. 42), neither a proof of this conjecture nor an example contra- 
dicting it has been produced, and it remains one of the great unsolved 
problems in mathematics. The four color theorem has indeed been 
proved for all maps containing less than thirty-eight regions. In view 
of this fact it appears that even if the general theorem 1s false it cannot 
be disproved by any very simple example. 

In the four color problem the maps may be drawn either in the plane 
or on the surface of a sphere. The two cases are equivalent: any map 
on the sphere may be represented on the plane by boring a small hole 
through the interior of one of the regions A and deforming the resulting 
surface until it is flat, as in the proof of Euler’s theorem. The resulting 
map in the plane will be that of an “island” consisting of the remaining 
regions, surrounded by a “‘sea’’ consisting of the region A. Conversely, 
by a reversal of this process, any map in the plane may be represented 
on the sphere. We may therefore confine ourselves to maps on the 
sphere. Furthermore, since deformations of the regions and their 
boundary lines do not affect the problem, we may suppose that the 
boundary of each region is a simple closed polygon composed of circular 
arcs. Even thus “regularized,” the problem remains unsolved; the 
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difficulties here, unlike those involved in the Jordan curve theorem, do 
not reside in the generality of the concepts of region and curve. 

A remarkable fact connected with the four color problem is that for 
surfaces more complicated than the plane or the sphere the correspond- 
ing theorems have actually been proved, so that, paradoxically enough, 
the analysis of more complicated geometrical surfaces appears in this 
respect to be easier than that of the simplest cases. For example, on 
the surface of a torus (see Figure 123), whose shape is that of a doughnut 
or an inflated inner tube, it has been shown that any map may be colored 
by using seven colors, while maps may be constructed containing seven 
regions, each of which touches the other six. 


*3. The Concept of Dimension 


The concept of dimension presents no great difficulty so long as one deals only 
with simple geometric figures such as points, lines, triangles, and polyhedra. A 
aingle point or any finite set of points has dimension zero, a line segment is one- 
dimensional, and the surface of a triangle or of a aphere two-dimensional. The 
set of points in a solid cube is three-dimensional, But when one attempts to 
extend this concept to more general point sets, the need for a precise definition 
arises. What dimension should be assigned to the point set R consisting of all 
points on the z-axis whose codrdinates are rational numbers? The set of rational 
points is dense on the line and might therefore be considered to be one- 
dimensional, like the line itself. On the other hand, there are irrational gaps 
between any pair of rational points, as between any two pointa of a finite point 
set, so that the dimension of the set R might also be considered to be zero. 

An even more knotty problem arises if one tries to assign a dimension to the 
following curious point set, first considered by Cantor. From the unit segment 
remove the middle third, consisting of al] points z such that 1/3 < x < 2/3. 
Call the remaining set of points C,. Now from C, remove the middle third of 
each of ita two segments, leaving a set which we call C.. Repeat this process by 
removing the middle third of each of the four intervals of Cy, leaving a set C3, 
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Fig. 130. Cantor'a point set, 
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and proceed in this manner to farin seta C,, Cy, Ca, +++. Denote by C the set 
of points on the unit segment that are left after all these intervals have been 
removed, i.e. C is the set of points common to the infinite sequence of sets 
Cı, Cr:,-++-. Since one interval, of length 1/3, was removed at the first step; 
two intervals, each of length 1/31, at the second step; etc.; the total length of the 
segments removed is 


1 1 1 1 2 2\3 
- — i,— s.. G — - _ eee 
Lz t2 t2 z t s(x + (2) + (2) + ). 


The infinite series in parentheses is a geometrical series whose sum is 
1/(1 — 2/3) = 3; hence the total length of the segments removed is 1. Still there 
remain points in the set C. Such, for example, are the points 1/3, 2/3, 1/9, 2/9, 
7/9, 8/9, --+ , by which the successive segmenta are trisected. As a matter of 
fact, it is easy to show that C will consist precisely of all those points z whose 
expansions in the form of infinite triadic fractions can be written in the form 
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where each a; is either 0 or 2, while the triadic expansion of every point removed 
will have at least one of the numbers a, equal to 1. 

What shal! be the dimension of the set C? The diagonal process used to prove 
the non-denumerability of the set of all real numbers can be so modified as to 
yicld the same result for the set C. It would seem, therefore, that the set C 
should be one-dimensional, Yet C contains no complete interval, no matter how 
amall, so that C might also be thought of as zero-dimensional, like a finite set of 
points, In the saine spirit, we might ask whether the set of pointa of the plane, 
obtained by erecting at each rational point or at each point of the Cantor set C 
a segment of umt length, should be considered to be one-dimensional or two- 
dimensional. 

It was Poincaré who (in 1912) first called attention to the need for a deeper 
analysis and a precise definition of the concept of dimensionality. Poincaré 
observed that the line is one-dimensional because we may separate any two points 
on it by cutting it at a single point (which is of dimension 0), while the plane is 
two-dimensional because in order to separate a pair of points in the plane we muat 
cut out a whole closed curve (of dimension 1), This suggests the inductive 
nature of dimensionality: a space is n-dimensional if any two points may be 
separated by removing an (n — 1)-dimensional aubset, and if a lower-dimensional 
subset will not always suffice. An inductive definition of dimensionality i8 also 
contained implicitly in Euclid’s Elements, where a one-dimensional! figure is some- 
thing whose boundary consists of points, a two-dimensional figure one whose 
boundary consists of curves, and a three-dimensional figure one whose boundary 
consists of surfaces. 

In recent years an extensive theory of dimension has been developed. One 
definition of dimension begins by making precise the concept ‘point set of di- 
mension 0.” Any finite set of points has the property that each point of the set 
can be enclosed in a region of space which can be made as sma! ag we please, and 
which contains no points of the set on its boundary. This property is now taken 
as the definition of 0-dimensionality. For convenience, we say that an empty 
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set, containing no pointa at all, has dimension —1. Thena point set S is of di- 
mension 0 if it is not of dimension —1 (i.e. if S contains at least one point), and if 
each point of S can be enclosed within an arbitrarily small region whose boundary 
intersects Sin a set of dimension —1 (i.e. whose boundary contains no points of S). 
For example, the set of rational points on the line is of dimension 0, since each 
rational point can be made the center of an arbitrarily amal! interval with irra- 
tional endpoints. The Cantor set C is also geen to be of dimension 0, since, like 
the set of rational points, it is formed by removing a dense set of points from 
the line. 

So far we have defined only the concepts of dimension —1 and dimension 0, 
The definition of dimension 1 suggests itself at once: a set S of points is of di- 
mension 1 if it is not of dimension —1 or 0, and if each point of S can be enclosed 
within an arbitrarily small region whose boundary intersects S in a set of dimen- 
sion 0. A line segment has this property, since the boundary of any interval is 
a pair of points, which is a set of dimension 0 according to the preceding definition. 
Moreover, by proceeding in the same manner, we can successively define the con- 
cepts of dimension 2, 3, 4, 5, ++- , each resting on the previous definitions. Thus 
a set S will be of dimension n if it is not of any lower dimenaion, and if each point 
of S can be enclosed within an arbitrarily amall region whose boundary intersecta 
S in a set of dimension n — 1. For example, the plane is of dimension 2, since 
each point of the plane can be enclosed within an arbitrarily amall circle, whose 
circumference Ía of dimension 1.t No point set in ordinary space can have dimen- 
sion higher than 3, since each point of apace can be made the center of an arbi- 
trarily amall sphere whose surface is of dimension 2. But in modern mathematics 
the word ‘‘space”’ is used to denote any system of objects for which a notion of 
‘“‘distance”’ or ‘‘neighborhood”’ is defined (see p. 316), and these abstract ‘‘spaces’’ 
may have dimensions higher than 3, A simple example is Cartesian n-space, 
whose ‘“‘points’’ are ordered arrays of n real numbers: 


P= (zi, Ti, Za, -tty In), 


Q = (Vis Y1, Ya; “ety Yn); 
with the ‘‘distance’’ between the points P and Q defined as 


d(P, Q) = V (a — m)! (a2 y) Hoe + (an — Yn). 
This space may be shown to have dimension n. A space which does not have 
dimension n for any integer n is said to be of dimension infinity. Many examples 
of such spaces are known. 

One of the most interesting facta of dimension theory is the following char- 
acteristic property of two-, three- or, in general, n-dimensional figures. Consider 
first the two-dimensional case. If any simple two-dimensional figure is sub- 
divided into sufficiently amall regions (each of which is regarded as including its 


t This does not purport to be a rigorous proof that the plane is of dimension 2 
according to our definition, since it assumes that the circumference of a circle is 
known to be of dimension 1, and that the plane is known not to be of dimension 
0 orl. Buta proof can be given for these facta and for their analogs in higher 
dimensions. This proof ahows that the definition of the dimension of a general 
point set does not contradict ordinary usage for simple sets. 
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boundary), then there will necessarily be points where three or more of these 
regions meet, no matter what the shapes of the regions. In addition, there will eriat 
subdivisions of the figure in which each point belongs to af moat three regions of 
the subdivision. Thus, if the two-dimensional figure is a square, asin Figure 131, 
then a point will belong to the three regions, 1, 2, and 3, while for this particular 
subdivision no point belongs to more than three regions, Similarly, in the three- 
dimensiona] case it may be proved that, if a volume is covered by sufficiently 
small volumes, there always exist points common to at least four of the latter, 
while for a properly chosen subdivision no more than four will have a point in 
common, 





Fig. 131. The tiling theorem. 


These observationa suggest the following theorem, due to Lebesgue and 
Brouwer: If an n-dimensional figure is covered in any way by sufficiently small 
subregions, then there will exist points which belong to at least n + 1 of these 
subregions; moreover, it is always possible to find a covering by arbitrarily small 
regions for which no point will belong to more than n + 1 regions. Because of 
the method of covering considered here, this is known as the “tiling” theorem. 
It characterizes the dimension of any geometrical figure: thoge figures for which 
the theorem holds are n-dimensional, while all othera are of some other dimen- 
sion. For this reason it may be taken as the definition of dimensionality, as is 
done by some authors. 

The dimension of any set is a topological feature of the set; no two figures of 
different dimensions can be topologically equivalent. This is the famous topolo- 


gical theorem of “invariance of dimensionality,” which gains in significance by 
comparison with the fact stated on page 85, that the set of points in a square has 
the same cardinal number as the set of points on a line segment. The correspond: 
ence there defined is not topological because the continuity conditions are 
violated 
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*4. A Fixed Point Theorem 


In the applications of topology to other branches of mathematics, 
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the following theorem of Brouwer. It is much less obvious to the in- 


tuition than most topological facts. 
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We consider a circular disk in the plane. By this we mean the region 
consisting of the interior of some circle, together with its circumference. 
Let us suppose that the points of this disk are subjected to any continu- 
ous transformation (which need not even be biunique) in which each 
point remains within the circle, although differently situated. For 
example, a thin rubber disk might be shrunk, turned, folded, stretched, 
or deformed in any way, so long as the final position of each point of 
the disk lies within its original circumference. Again, if the liquid in a 
glass is set into motion by stirring it in such a manner that particles on 
the surface remain on the surface but move around on it to other posi- 
tions, then at any given instant the position of the particles on the 
surface defines a continuous transformation of the original distribution 
of the particles. ‘The theorem of Brouwer now states: Fach such trans- 
formation leaves at least one point fixed; that is, there exists at least one 
point whose position after the transformation is the same as its origina] 
position. (In the example of the surface of the liquid, the fixed point 
will in general change with the time, although for a simple circular 
rotation it is the center that is always fixed.) The proof of the existence 
of a fixed point is typical of the reasoning used to establish many topo- 
logical theorems. 

Consider the disk before and after the transformation, and assume, 
contrary to the statement of the theorem, that no point reinains fixed, 
so that under the transformation each point moves to another point 





Fig, 132. Transformation vectors. 


inside or on the circle. To each point P of the original disk attach a 
little arrow or “vector” pointing in the direction PP’, where P’ is the 
image of P under the transformation. At every point of the disk there 
is such an arrow, for every point was assumed to move somewhere else. 
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Now consider the points on the boundary of the circle, with their asso- 
ciated vectors. All of these vectors point into the circle, since, by as- 
sumption, no points are transformed into points outside the circle. Let 
us begin at some point P, on the boundary and travel in the counter- 
clockwise direction around the circle. As we do go, the direction of 
the vector will change, for the points on the boundary have variously 
pointed vectors associated with them. The directions of these vectors 
may be shown by drawing parallel arrows that issue from a single point 
in the plane. We notice that in traversing the circle once from Pi 





Fig. 134. 


around to Pı, the vector turns around and comes back to its original 
position. Let us call the number of complete revolutions made by this 
vector the “index” of the vectors on the circle; more precisely, we 
define the index as the algebraic sum of the various chauges in angle of 
the vectors, so that each clockwise portion of a revolution is taken with 
a negative sign, while each counter-clockwise portion is regarded as 
positive. The index is the net result, which may a priori be any one 
of the numbers 0, +1, +2, +3, --- , corresponding to a total change in 
angle of 0, +360, +720, --- degrees. We now assert that the index 
equals 1; that is, the total change in the direction of the arrow amounts 
to exactly one positive revolution. To show this, we recall that the 
transformation vector at any poiut P on the circle is always directed 
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inside the circle and never along the tangent. Now, if this transforma- 
tion vector turns through a total angle different from the total angle 
through which the tangent vector turns (which is 360°, because the 
tangent vector obviously makes one complete positive revolution), then 
the difference between the total angles through which the tangent vector 
and the transformation vector turn will be some non-zero multiple of 
360°, since each makes an integral number of revolutions. Hence the 
transformation vector must turn completely around the tangent at 
least once during the complete eircuit from P, back to P, , and since the 
tangent and the transformation vectors turn continuously, at some 
point of the circumference the transformation vector must point directly 
along the tangent. But this is impossible, as we have seen. 

If we now eonsider any eirele concentric with the circumference of 
the disk and contained within it, together with the corresponding 
transformation vectors on this circle, then the index of the transforma- 
tion vectors on this eircle must also be 1. For as we pass continuously 
from the circumference to any concentric circle, the index must change 
continuously, since the directions of the transformation vectors vary 
continuously from point to point within the disk. But the index can 
assume only integral values and therefore must be constantly equal to 
its original value 1, since a jump from 1 to some other integer would 
be a discontinuity in the behavior of the index. (The conclusion that a 
quantity that varies continuously but can assume only integral values 
is necessarily a constant is a typical bit of mathematical reasoning which 
intervenes in many proofs.) ‘Thus we can find a concentric circle as 
small as we please for which the index of the corresponding transforma- 
tion vectors is 1. But this is impossible, since by the assumed con- 
tinuity of the transformation the vectors on a sufficiently small circle 
will all point in approximately the same direction as the vector at the 
center of the circle. Thus the total net change of their angles can be 
made as small as we please, less than 10°, say, by taking a small enough 
circle. Hence the index, which must be an integer, will be zero. This 
contradietion shows our initial hypothesis that there is no fixed point 
under the transformation to be untenable, and completes the proof. 

The theorem just proved holds not only for a disk but also for a 
triangular or square region or any other surface that is the image of a 
disk under a topological transformation. For if A is any figure corre- 
lated with a disk by a biunique and continuous transformation, then a 
continuous transformation of A into itself which had no fixed point 
would define a continuous transformation of the disk into itself without 
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& fixed point, which we have proved to be impossible. The theorem 
also holds in three dimensions for solid spheres or cubes, but the proof 
is not so simple. 


Although the Brouwer fixed point theorem for the disk is not very obvious to 
the intuition, it is easy to show that it is an ‘mmediate consequence of the follow- 
ing fact, the truth of which is intuitively evident: It is impossible to transform 
continuously a circular disk into its circumference alone so that each point of the 
circumference remains fixed, We shall show that the existence of a fixed-point- 
free transformation of a disk into itself would contradict this fact. Suppose 
P — P' were such a transformation; for each point P of the disk we could draw an 
arrow starting at P’ and continuing through P until it reached the circumference 
at some point P*. Then the transformation P — P* would be & continuous 
transformation of the whole disk into its circumference alone and would leave 
each point of the circumference fixed, contrary to the assumption that auch a 
transformation is impossible. Similar reasoning may be used to eatablish the 
Brouwer theorem in three dimensions for the solid sphere or cube. 

It is easy to see that some geometrical figures do admit continuous fixed-point- 
free transformations into themselves. For example, the ring-shaped region be- 
tween two concentric circles admits as a continuous fixed-point-free transforma- 
tion a rotation through any angle not a multiple of 360° about its center. The 
surface of a sphere admits the continuous fixed-point-free tranaformation that 
takes each point into its diametrically opposite point. But it may be proved, by 
reasoning analogous to that which we have used for the disk, that any continuous 
transformation which carries no point into its diametrically opposite point (e.g., 
any small deformation) has a fixed point. 

Fixed point theorems such as these provide a powerful method for the proof 
of many mathematical “existence theorems” which at first sight may not seem 
to be of a geometrical character. A famous example is a fixed point theorem 
conjectured by Poincaré in 1912, shortly before his death. This theorem has as 
an immediate consequence the existence of an infinite number of periodic orbits 
in the restricted problem of three bodies. Poincaré was unable to confirm his 
conjecture, and it was a major achievement of American mathematics when in 
the following year G. D. Birkhoff succeeded in giving a proof, Since then topolog- 
ical methods have been applied with great success to the study of the qualitative 
behaviour of dynamical systems. 


5. Knots 


As a final example it may be pointed out that the study of knots 
presents difficult mathematical problems of a topological character. A 
knot is formed by first looping and interlacing a piece of string and then 
joining the ends together. The resulting closed curve represents a ge- 
ometrical figure that remains essentially the same even if it is deformed 
by pulling or twisting without breaking the string. But how is it pos- 
sible to give an intrinsic characterization that will distinguish a knotted 
closed curve in space from an unknotted curve such as the circle? The 
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answer is by no means simple, and still less so is the complete mathe- 
matical analysis of the various kinds of knots and the differences between 
them. Even for the simplest case this has proved to be a sizable task. 
Consider the two trefoil knots shown in Figure 134. These two knots 
are completely symmetrical “mirror images” of one another, and are 
topologically equivalent, but they are not congruent. The problem 
arises whether it is possible to deform one of these knots into the other 
in a continuous way. The answer is in the negative, but the proof of 
this fact requires considerably more knowledge of the technique of 
topology and group theory than ean be presented here. 





Fig. 134. Topologically equivalent knota that are not deformable into one another, 


§4. THE TOPOLOGICAL CLASSIFICATION OF SURFACES 
1. The Genus of a Surface 


Many simple but important topological facts arise in the study of 
two-dimensional surfaces. For example, let us compare the surface of 
a sphere with that of a torus. It is clear from Figure 135 that the two 
surfaces differ in a fundamental way: on the sphere, as in the plane, 
every simple closed curve such as C separates the surface into two parts. 
But on the torus there exist closed curves such as C’ that do not 





Fig. 135. Cuta on sphere and torus, 
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geparate the surface into two parts. To say that C separates the sphere 
into two parts means that if the sphere is cut along C it will fall into 
two distinct and unconnected pieces, or, what amounts to the same 
thing, that we can find two points on the sphere such that any curve 
on the sphere which joins them must intersect C. On the other hand, 
if the torus is cut along the closed curve C’, the resulting surface still 
hangs together: any point of the surface can be joined to any other 
point by a curve that does not intersect C’. This difference between 
the sphere and the torus marks the two types of surfaces as topologically 
distinct, and shows that it is impossible to deform one into the other 
in a continuous way. 

Next let us consider the surface with two holes shown in Figure 136. 
On this surface we ean draw two non-intersccting closed curves A and B 
which do not separate the surface. The torus is always separated into 
two parts by any two such curves. On the other hand, three closed non- 
intersecting curves always separate the surface with two holes. 





Fig. 136. A surface of genua 2. 


These facts suggest that we define the genus of a surface as the largest 
number of non-intersccting simple closed curves that can be drawn on 
the surface without separating it. The genus of the spherc is 0, that of 
the torus is 1, while that of the surface in Figure 136 is 2. A similar 
surface with p holes has the genus p. The genus is a topological prop- 
erty of a surface and remains the same if the surface is deformed. Con- 
versely, it may be shown (we omit the proof) that if two closed surfaces 
have the same genus, then one may be deformed into the other, so that 
the genus p = 0, 1, 2, --- of a closed surface characterizes it completely 
from the topological point of view. (We are assuming that the surfaces 


. . . 66 : ” . i 
considered are ordinary “two-sided” closed surfaees. In Article 3 of 


this section we shall consider “one-sided” surfaces.) For example, 
the two-holed doughnut and the sphere with two “handles” of Figure 137 
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are both closed surfaces of genus 2, and it is clear that either of these 
surfaces may be continuously deformed into the other. Since the 
doughnut with p holes, or its equivalent, the sphere with p handles, is 





Fig. 137 Surfaces of genus 2. 


of genus p, we may take either of these surfaces as the topological 
representative of all elosed surfaces of genus p. 


*2. The Euler Characteristic of a Surface 


Suppose that a closed surface S of genus p is divided into a number 
of regions by marking a number of vertices on S and joining them by 
curved ares. We shall show that 


(1) V—E+F =2-— 2p, 


where V = number of vertices, 2 = number of arcs, and F = number 
of regions. The number 2 — 2p is called the Euler characteristic of the 
surface. We have already seen that for the sphere, V- E + F = 2 
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which agrees with (1), since p = 0 for the sphere. 

To prove the general formula (1), we may assume that S is a sphere 
with p handles. For, as we have stated, any surface of genus p 
may be continuously deformed into such a surface, and during this 
deformation the numbers V — E + F and 2 — 2p will not change. 
We shall choose the deformation so as to ensure that the closed curves 
A,, Ae, Bı, Bı,- where the handles join the sphere consist of arcs 
of the given subdivision. (We refer to Fig. 138, which illustrates the 
proof for the case p = 2.) 


? 





EULER CHARAC 
Now let us cut the surface S along the curves A2, Bz,+-++ and 
straighten the handles out, Each handle will have a free edge bounded 
by a new curve A*, B*, ... with the same number of vertices and arcs 
as A>, B,,-»- respectively. Hence V — E + F will not change, since 
the additional vertices exactly counterbalance the additional arcs, while 
no new regions are created. Next, we deform the surface by flattening 
out the projecting handles, until the resulting surface is simply a sphere 
from which 2p regions have been removed. Since V — E + Fis known 
to equal 2 for any subdivision of the whole sphere, we have 


V-E+F=2-— 2p 


for the sphere with 2p regions removed, and hence for the original sphere 
with p handles, as was to be proved. 

Figure 121 illustrates the application of formula (1) to a surface S 
consisting of flat polygons. This surface may be continuously deformed 
into a torus, so that the genus p is 1 and 2 — 2p = 2—2=0, As 
predicted by formula (1), 


V—E+F = 16 — 324+ 16 =0. 


Exercise: Subdivide the doughnut with two holes of Figure 137 into regions, 
and show that V — E + F = —2. 


3. One-Sided Surfaces 


An ordinary surface has two sides. This applies both to closed 
surfaces like the sphere or the torus and to surfaces with boundary 
curves, such as the disk or a torus from which a piece has been re- 
moved. The two sides of such a surface could be painted with different 
colors to distinguish them. If the surface is closed, the two colors never 
meet. If the surface has boundary curves, the two colors meet only 
along these curves. A bug crawling along such a surface and prevented 
from crossing boundary curves, if any exist, would always remain on 
the same side. 

Moebius made the surprising discovery that there are surfaces with 
only one side. The simplest such surface is the so-called Moebius strip, 
formed by taking a long rectangular stnp of paper and pasting its two 
ends together after giving one a half-twist, as in Figure 139. A bug 
crawling along this surface, keeping always to the middle of the strip, 
will return to its original position upside down. The Moebius strip has 
only one edge, for its boundary consists of a single closed eurve. The 
ordinary two-sided surface formed by pasting together the two ends of a 
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rectangle without twisting has two distinct boundary curves. If the 
latter strip is cut along the center line it falls apart into two different 
strips of the same kind. But if the Moebius strip is cut along this 
line (shown in Figure 139) we find that it remains in one piece. It is 


rare for anyone not familiar with the Moebius strip to predict this 





Fig. 139. Forming a Moebius atrip. 


behavior, so contrary to one’s intuition of what “should” occur. If the 
surface that results from cutting the Moebius strip along the middle is 
again cut along its middle, two separate but intertwined strips are 
formed. 
It is fascinating to play with such strips by cutting them along lines 
parallel to a boundary curve and 1/2, 1 /3, etc. of the distance across. 
The boundary of a Moebius strip is an unknotted closed curve which 
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can be deformed into a flat one e.g. a circle. During the deformation, 
the strip may he allowed to intersect itself so that a onesided selfinter- 
secting surface results as in Figure 140 known as a cross-cap. The locus 
of selfintersection is regarded as two different lines, each belonging to 





Fig. 140. Crom-cap 


| 





Fig. 141. Moebius strip with plane boundary. 


one of the two portions of the surface which intersect there. The one- 
sidedness of the Moebius strip is preserved because this property is 
topological; a one-sided surface cannot be continuously deformed into 
a two-sided surface. Strikingly enough it is even possible to conduct 
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the deformation in such a way that the boundary of the Moebius strip 
becomes flat, e.g. triangular, while the strip remains free from selfin- 
tersections. Figure 141 indicates such a model, due to Dr. B. Tucker- 
mann; the boundary is a triangle defining one half of one diagonal square 
of a regular octahedron; the strip itself consists of six faces of the octa- 
hedron and four rectangular triangles, each one fourth of a diagonal 
plane. 

Another interesting one-sided surface is the “Klein bottle.” This 
surface is closed, but it has no inside or outside. It is topologically 
equivalent to a pair of cross-caps with their boundaries coinciding. 





Fig. 142. Klein bottle, 


It may be shown that any closed, one-sided surface of genus p = 
1, 2, --- is topologically equivalent to a sphere from which p disks have 
been removed and replaced by crogs-caps. From this it easily follows 
that the Euler characteristic V — Æ + F of such a surface is related to p 
by the equation 


V-E+F=2-p. 


The proof is analogous to that for two-sided surfaces. First we show that the 
Euler characteristic of a cross-cap or Moebius strip is 0. To do this we observe 
that, by cutting across a Moebius strip which has been subdivided into a number 
of regions, we obtain a rectangle that contains two more vertices, one more edge, 
and the same number of regions as the Moebius strip. For the rectangle, 
V — E + F = 1, as we proved on page 239. Hence for the Moebius strip 
¥V—£+*F=0. Asan exercise, the reader may complete the proof. 


It is considerably sirapler to study the topological nature of surfaces 
such as these by means of plane polygons with certain pairs of edges 
conceptually identified (compare Chapt. IV, Appendix, Article 3). [n 
the diagrams of Figure 143, parallel arrows are to be brought into coinci- 
dence actual or conceptual—in position and direction. 

This method of identification may also be used to define three-dimen- 
sional closed manifolds, analogous to the two-dimensional closed sur- 
faces. For example, if we identify corresponding points of opposite 
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Fig. 143. Choaed surfaces defined by codrdination of edges in plane figure. 





Fig. 144. Three-dimensional torus defined by boundary identification. 
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faces of a cube (Fig. 144), we obtain a closed, three-dimensional manifold 
called the three-dimensional torus. This manifold is topologically 
equivalent to the space between two concentric torus surfaces, one inside 
the other, in which corresponding points of the two torus surfaces are 
identified (Fig. 145). For the latter manifold is obtained from the cube 


if two pairs of conceptually identified faces are brought together. 
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Fig. 145. Another representation of three-dimensional torus. (Figure cut towhow identifications 


APPENDIX 


*I. The Five Color Theorem 


On the basis of Euler’s formula, we can prove that every map on the 
sphere can be properly colored by using at most five different colors. 
(According to p. 247, a map is regarded as properly colored if no two 
regions having a whole segment of their boundaries in common receive 
the same color.) We shall confine ourselves to maps whose regions are 
bounded by simple closed polygons composed of circular arcs. We may 
also suppose that exactly three arcs meet at each vertex; such a map 
will be called regular. For if we replace every vertex at which more 
than three arcs meet by a small circle, and join the interior of each such 
circle to one of the regions meeting at the vertex, we obtain a new map in 
which the multiple vertices are replaced by a number of triple vertices. 
The new map will contain the same number of regions as the original 
map. If this new map, which is regular, can be properly colored with 
five colors, then by shrinking the circles down to points we shall have 
the desired coloring of the original map. Thus it suffices to prove that 
any regular map on the sphere can be colored with five colors. 

First we show that every regular map must contain at least one 
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polygon with fewer than six sides. Denote by F,, the number of regions 
of n sides in a regular map; then, if F denotes the total number of regions, 


(1) F=F,+ Fy t+ Py tees, 


Each arc has two ends, and three arcs end at each vertex. Hence, if E 
denotes the number of arcs in the map, and V the number of vertices, 


(2) 2E = 3V. 
Furthermore, a region bounded by n arcs has n vertices, and each vertex 
belongs to three regions, so that 
(3) 2E = 3V = 2F,4+ 3Fa + 4Fi + -... 
By Euler’s formula, we have 
V—-E+F=2, or 6V — 6E + 6F = 12. 

From (2), we see that GV = 4Ẹ, so that 6F — 2E = 12. 
Hence, from (1) and (3), 

6(F: + Fs + Fi t---) — (2F: + 3Fs + 4h, +---) 


Il 


12, 
or 
(6 — 2)F, + (6 — 3)Fa + (6 — 4)F. + (6 — 5)F, + (6 ~ 6)Fe 

+ (6 = 7)F;, +- = 12, 


Hence at least one of the terms on the left must be positive, so that at 
least one of the numbers Fz , F; , Fa, F; is positive, as we wished to show. 

Now to prove the five color theorem. Let M be any regular map on 
the sphere with n regions in al. We know that at least one of these 
regions has fewer than six sides. 

Case 1. M contains a region A with 2, 3, or 4 sides. In this case, 
remove the boundary between A and one of the regions adjoining it. 
(If A has 4 sides, one region may come around and touch two non- 
adjacent sides of A. In this case, by the Jordan curve theorem, the 
regions touching the other two sides of A will be distinct, and we remove 
the boundary between A and one of the latter regions.) 


A 


M M' 


Fig. 146, 
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The resulting map M’ will be a regular map with n — 1 regions. If M’ 
can be properly colored with 5 colors, so can M. For since at most four 
regions of M adjoin A, we can always find a fifth color for A. 

Case 2. M contains a region A with five sides. Consider the five 
regions adjoining A, and call them B, C, D, E, and F. We can always 
find a pair among these which do not touch each other; for if, say, B 
and D touch, they will prevent C from touching either E or F, since any 
path leading from C to E or F will have to go through at least one of the 
regions A, B, and D (Fig. 147). (It is clear that this fact, too, depends 
essentially on the Jordan curve theorem, which holds for the plane or 
sphere. It is not true on the torus, for example.) We may therefore 
assume, say, that C and F do not touch. We remove the sides of A 


To 


Fig. 147. 


adjoining C and F, forming a new map M’ with n — 2 regions, which is 
also regular. If the new map can be properly colored with five colors, then 
so can the original map M. For when the boundaries are restored, A will 
be in contact with no more than four different colors, since C and F 
have the same color, and we can therefore find a fifth color for A. 

Thus in either case if M is a regular map with 7 regions, we can con- 
struct a new regular map Af’ having n — 1 or n — 2 regions, and such 
that if M’ can be colored with five colors, so can M. This process may 
again be applied to Af’ etc., and leads to a sequence of maps derived 
from M: 

M, M', M",---. 

Since the number of regions in the maps of this sequence steadily de- 


creases, we must finally arrive at a map with five or fewer regions. 
Such a map can always be colored witb at most five colors. Hence, 
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returning step by step to M, we see that Af itself can be colored with 
five colors. This completes the proof. Note that this proof is con- 
structive, in that it gives a perfectly practicable, although wearisome, 
method of actually coloring any map with n regions in a finite number 
of steps. 


2. The Jordan Curve Theorem for Polygons 


The Jordan curve theorem states that any simple closed curve C 
divides the points of the plane not on C into two distinct domains (with 
no points in common) of which C is the common boundary. We shall 
give a proof of this theorem for the case where C is a closed polygon P. 

We shall show that the points of the plane not on P fall into two 
classes, A and B, such that any two points of the same class can be 
joined by a polygonal path which does not cross P, while any path 
joining a point of A to a point of B must cross P. The class A will 
form the “outside” of the polygon, while the class B will form the 
“inside.” 

We begin the proof by choosing a fixed direction in the plane, not 
parallel to any of the sides of P. Since P has but a finite number of 
sides, this is always possible. We now define the classes A and B as 
follows: 

The point p belongs to A if the ray through p in the fixed direction 
intersects P in an even number, 0, 2, 4, 6, --- , of points. The point p 
belongs to B if the ray through p in the fixed direction intersects P in 
an odd number, 1, 3, 5, --- , of points. 

With regard to rays that intersect P at vertices, we shall not count an 
intersection at a vertex where both edges of P meeting at the vertex 
are on the same side of the ray, but we shall count an intersection at 
a vertex where the two edges are on opposite sides of the ray. We shall 
say that two points p and q have the same “parity” if they belong to 
the same class, A or B. 


P 





Tig. 148. Counting intetsections. 
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First we observe that all the points on any line segment not inter- 
secting P have the same parity. For the parity of a point p moving 
along such a segment can only change when the ray in the fixed direction 
through p passes through a vertex of P, and in neither of the two 
possible cases will the parity actually change, because of the agreement 
made in the preceding paragraph. From this it follows that ¿f any 
point p, of A ts joined to a point pa of B by a polygonal path, then this path 
must intersect P, for otherwise the parity of alt the points of the path, 
and in particular of pı and pz, would be the same. Moreover, we can 
show that any two points of the same class, A or B, can be joined by a 
polygonal path which does not intersect P. Call the two points p and q. 
If the straight segment pq joining p to g does not intersect P it is the 
desired path. Otherwise, let p’ be the first point of intersection of this 
segment with FP, and let g’ be the last such point (Fig. 149). Construct 
the path starting from p along the segment pp’, then turning off just 
before p’ and following along P until P returns to pg at q’. If we can 
prove that this path will intersect pg between g’ and q, rather than 
between p’ and g’, then the path may be continued to g along g'g without 
intersecting P. It is clear that any two points r and s near enough to 
each other, but on opposite sides of some segment of P, must have 
different parity, for the ray through r will intersect P in one more point 
than will the ray through s. Thus we see that the parity changes as 
we cross the point g’ along the segment pg. It follows that the dotted 
path crosses pg between q’ and q, since p and q (and hence every point 
on the dotted path) have the same parity. 





Fig. 149. 


This completes the proof of the Jordan eurve theorem for the case 
of a polygon P. The “outside” of P may now be identified as the 
class A, since if we travel far enough along any ray in the fixed direction 


we shall come to a point beyond which there will be no intersection 


with P, so that all such points have parity 0, and hence belong to A. 
This leaves the “inside” of P identified with the class B. No matter 
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how twisted the simple closed polygon P, we can always determine 
whether a given point p of the plane is inside or outside P by drawing a 
ray and counting the number of intersections of the ray with P. If this 
number is odd, then the point p is imprisoned within P, and cannot 


escape without crossing P at some point. If the number is even, then 
the point p is outside P. (Try this for Figure 128.) 


*One may also prove the Jordan curve theorem for polygona in the following 
way: Define the order of a point po with respect to any closed curve C which does 
not pass through po as the net number of complete revolutions made by an arrow 
joining po to a Moving point p on the curve as p traverses the curve once. Let 

A = all points po not on FP and with even order with respect to P, 

R = all points po not on P and with odd order with respect to P. 
Then A and B, thus defined, form the outside and inside of P respectively. The 
carrying out of the details of this proof is left as an exercise, 


The “fundamental theorem of algebra” states that if 
-1 -2 
(1) fe) = 2" + ana + aye” Hee + az + ao, 
where n > 1, and Gps, GQn_2, --- , @ are any complex numbers, then 


there exists a complex number a such that f(a) = 0. In other words, 
in the field of complex numbers every polynomial equation hasa root. (On 
p. 102 we drew the conclusion that f(z) can be factored into n linear 
factors: 


f(z) = (z — a) — a) --- (z — an), 


where a, @2,-+*- , @n are the zeros of f(z).) It is remarkable that this 
theorem can be proved by considerations of a topological character, 
related to those used in proving the Brouwer fixcd point theorem. 

The reader will recall that a complex number is a symbol z + yi, 
where x and y are real numbers and i has the property that 7” = —1. 
The complex number z + yz may be represented by the point in the 
plane whose codrdinates with respect to a pair of perpendicular axes 
are z, y. If we introduce polar codrdinates in this plane, taking the 
origin and the positive direction of the z-axis as pole and prime direction 
respectively, we may write 


z = r + yi = r (cos ô + 2z sin 0), 
where r = y r? +°. It follows from De Moivre’s formula that 


z” =r" (cos n0 + isin nô). 
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(See p. 96.) Thus, if we allow the complex number z to deseribe a 
circle of radius r about the origin, z” will describe n complete times a 
circle of radius r” as z describes its circle once. We also recall that r, the 
modulus of z, written |z |, gives the distance of z from O, and that if 
z’ = x’ + iy’, then |z — z’ | is the distance between z and z’. With 
these preliminaries we may proceed to the proof of the theorem. 


Let us suppose that the polynomial (1) has no root, so that for every 
complex number z 


f(z) ¥ 0. 


On this assumption, if we now allow z to describe any closed curve in 
the z,y-plane, f(z) will describe a closed curve T which never passes 





Fig. 150. Proof of fundamental theorem of algebra. 


through the origin (Fig. 150). We may, therefore, define the order of 
the origin O with respect to the function f(z) for any closed curve C 
as the net number of complete revolutions made by an arrow joining O to a 
point on the curve T traced out by the point representing f(z) as z traces 
out the curve C. As the curve C we shall take a circle with O as 
center and with radius £, and we define the function ¢(£) to be the order 
of O with respect to the function f(z) for the circle about O with radius £. 
Clearly ¢(0) = 0, since a circle with radius 0 is a single point, and the 
curve I reduces to the point f(0) # O. We shall show in the next 
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paragraph that ¢(¢) = n for large values of t. But the order ¢(£) depends 
continuously on £, since f(z) is a continuous function of z. Hence we 
shall have a contradiction, for the function ¢(t) can assume only integral 
values and therefore cannot pass continuously from the value 0 to the 
value n. 

It remains only to show that ¢(f) = n for large values of t. We ob- 
serve that on a circle of radius z = ¢ so large that 


t>1 and ¢>|al[t+|al[t---+ lanl, 
we have the inequality 


SE) — 2"| = | amiz" + -- +a] 
< [anala [T + | analele [T + «++ + lal 


= ra| fas +-+ e | 


fn-l 


SOE | anil + | Que | Hess + [aol] <e = j. 

Since the expression, on the left is the distance between the two points 
z” and f(z), while the last expression on the right is the distance of the 
point z" from the origin, we see that the straight line segment joining 
the two points f(z) and z” cannot pass through the origin so long as z 
is on the circle of radius £ about the origin. This being so, we may 
continuously deform the curve traced out by f(z) into the curve traced 
out by z" without ever passing through the origin, simply by pushing 
each point f(z) along the segment joining it to z". Since the order of 
the origin will vary continuously and can assume only integral values 
during this deformation, it must be the same for both curves. Since 
the order for z” is n, the order for f(z) must also be n. This completes 
the proof. 





CHAPTER VI 
FUNCTIONS AND LIMITS 


INTRODUCTION 


The main body of modern mathematics centers around the concepts 
of function and limit. In this chapter we shall analyze these notiuns 
systematically. 

An expression such as 


t +22 — 3 
has no definite numerical value until the value of z is assigned. We 


say that the value of this expression is a function of the value of z, 
and write 
T + 2r — 3 = fiz). 

For example, when z = 2 then 2” + 2.2 — 3 = 5, so that f(2) = 5. 
In the same way we may find by direct substitution the value of f(z) 
for any integral, fractional, irrational, or even complex number z. 

The number of primes less than n is a function x(n) of the integer n. 
When a value of n is given, the value x(n) is determined, even though 
no algebraic expression for computing it is known. The area of a 
triangle is a function of the lengths of its three sides; it varies as the 
lengths of the sides vary and is determined when these lengths are given 
definite values. If a plane is subjected to a projective or a topological 
transformation, then the codrdinates of a point after the transformation 
depend on, i.e. are functions of, the original codrdinates of the point. 
The concept of function enters whenever quantities are connected by a 
definite physical relationship. The volume of a gas enclosed in a 
cylinder is a function of the temperature and of the pressure on the 
piston. The atmospheric pressure as observed in a balloon is a function 
of the altitude above sea level. The whole domain of periodic phe- 
nomena—the motion of the tides, the vibrations of a plucked string, the 
emission of light waves from an incandescent filament—is governed by 
the simple trigonometric functions sin x and cos 2. 

To Leibniz (1646-1716), who first used the word “fuuction,” and to 
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the mathematicians of the eighteenth century, the idea of a functional 
relationship was more or less identified with the existence of a simple 
mathematical formula expressing the exact nature of the relationship. 
This concept proved too narrow for the requirements of mathematical 
physics, and the idea of a function, together with the related notion of 
limit, was subjected to a long process of generalization and clarification, 
of which we shall give an account in this chapter. 


$1. VARIABLE AND FUNCTION 


1. Definitions and Examples 


Often mathematical objects occur which we are free to choose arbi- 
trarily from a whole set S of objects. Then we call such an object a 
variable within the range or domain S. It is customary to use letters 
from the latter portion of the alphabet for variables. Thus if S denotes 
the set of all integers, the variable X with the domain S denotes an 
arbitrary integer. We say, “the variable X ranges over the set S,” 
meaning that we are free to identify the symbol X with any member of 
the set S. The use of variables is convenient when we wish to make 
statements involving objects chosen at will from a whole set. For 
example, if S again denotes the set of integers and X and Y are both 
variables with the domain S, the statement 


X+Y=Y+X 


is a convenient symbolic expression of the fact that the sum of any two 
integers is independent of the order in which they are taken. A par- 
ticular case is expressed by the equation 


2+3=3+ 2, 


involving constants, but to express the general law, valid for all pairs 
of numbers, symbols having the meaning of variables are needed. 

It is by no means necessary that the domain S of a variable X be a 
set of numbers. For example, S might be the set of all circles in the 
plane; then X would denote any individual circle. Or S might be the 
set of all closed polygons in the plane, and X any individual polygon. 
Nor is it necessary that the domain of a variable contain an infinite 
number of elements. For example, X might denote any member of the 
population S of a given city at a given time. Or X might denote any 
one of the possible remainders when an integer is divided by 5; in this 
case the domuin S would consist of the five numbers 0, 1, 2, 3, 4. 
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The most important case of a numerical variable—in this case we 
customarily use a small letter z—is that in which the domain of vari- 
ability S is an interval a < x < b of the real number axis. We then 
call x a continuous variable in the interval. The domain of variability 
of a continuous variable may be extended to infinity. Thus S may be 
the set of all positive real numbers, z > 0, or even the set of all real 
numbers without exception. In a similar way we may consider a vari- 
able X whose values are the points in a plane or in some given domain 
of the plane, such as the interior of a rectangle or of a circle. Since 
each point of the plane is defined by its two coérdinates, x, y, with re- 
spect to a fixed pair of axes, we often say in this case that we have a 
pair of continuous variables, x and y. 

It may be that with each value of a variable X there is associated a 
definite value of another variable U. Then U is called a function of X. 
The way in whieh U is related to X is expressed by a symbol such as 


U = F(X) (read, “F of X”). 


If X ranges over the set S, then the variable U will range over another 
set, say T. For example, if S is the set of all triangles X in the plane, 
a function F(X) may be defined by assigning to each triangle X the 
length, U = F(X), of its perimeter; T will be the set of all positive 
numbers. Here we note that two different triangles, X, and X:, may 
have the same perimeter, so that the equation F(X1) = F(.X;) is possible 
even though X; = X:. A projective transformation of one plane, S, 
onto another, 7, assigns to each point X of S a single point U of T 
according to a definite rule which we may express by the functional 
symbol U = F(X). In this case F(X) = F(X.) whenever X, Æ X}, 
and we say that the mapping of S onto T is biunique (see p. 78). 
Functions of a continuous variable are often defined by algebraic ex- 
pressions. Examples are the functions 
_ 1 
Ip 





u= r, 


: l 
u = =, u 
x 
In the first and last of these expressions, x may range over the whole 
set of real numbers; while in the second, z may range over the set of 
real numbers with the exception of 0—the value 0 being excluded since 
1/0 is not a number. 
The number B(n) of prime factors of n is a function of n, where n 
ranges over the domain of all natural numbers. More generally, anv 
sequence of numbers, a1, a2, @3,-++, may be regarded as the set of 
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values of a function, u = F(n), where the domain of the independent 
variable n is the set of natural numbers. It is only for brevity that we 
write a, for the nth term of the sequence, instead of the more explicit 
functional notation F (n) The expressions discussed in Chapter I, 


Sin) = 1+ 2H tnn Met, 


Sn) = PEF Hoe tba MAT VE FY, 


2 2 
Sl = AFA. Hn A 
are functions of the integral variable n. 

If U = F(X) we usually reserve for X the name independent variable, 
while U is called the dependent variable, since its value depends on the 
value chosen for X. 

It may happen that the same value of U is assigned to all values of X, 
so that the set T consists of one element only. We then have the 
special case where the value U of the function does not actually vary; 
that is, U is constant. We shall include this case under the general 
eoncept of function, even though this might seem strange to a beginner, 
for whom the emphasis naturally seems to lie in the idea that U varies 
when X does. But it will do no harm—and will in fact be useful—to 
regard a constant as the special case of a variable whose “domain of 
variation” consists of a single element only. 

The concept of function is of the greatest importance, not only in 
pure mathematics but also in practical applications. Physical laws are 
nothing but statements concerning the way in which certain quantities 
depend on others when some of these are permitted to vary. Thus the 
pitch of the note emitted by a plucked string depends on the length, 
weight, and tension of the string, the pressure of the atmosphere depends 
on the altitude, and the energy of a bullet depends on its mass and 
velocity. The task of the physicist is to determine the exact or approxi- 
mate nature of this functional dependence. 

The function concept permits an exact mathematical characterization 
of motion. If a moving particle is concentrated at a point in space with 
rectangular coördinates x, y, z, and if £ measures the time, then the 
motion of the particle is completely described by giving its codrdinates 
x, y, 2 as functions of £: 


z=f9, yg, 2= hid). 
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Thus, if a particle falls freely along the vertical z-axis under the influ- 
ence of gravity alone, 


TtT = 0, y = 0, £= —}gë, 


where g is the acceleration due to gravity. If a particle rotates uni- 
formly on a circle of unit radius in the z, y-plane, its motion is char- 
acterized by the functions 


z = cos wl, y = sin wt, 


where w is a constant, the so-called angular velocity of the motion. 

A mathematical function is simply a law governing the interdepend- 
ence of variable quantities. It does not imply the existence of any 
relationship of ‘‘cause and effect” between them. Although in ordinary 
language the word “function” is often used with the latter connota- 
tion, we shall avoid all such philosophical interpretations. For example, 
Boyle’s law for a gas contained in an enclosure at constant temperature 
states that the product of the pressure p and the volume v is a constant c 
(whose value in turn depends on the temperature): 

py = c. 
This relation may be solved for either p or v as a function of the other 
variable, 


p= or y= 
v p’ 


without implying that a change in volume is the “cause” of a change in 
pressure any more than that the change in pressure is the “cause” of 
the change in volume It is only the form of the connection between the 
two variables which is relevant to the mathematician. 


Mathematicians and physicists differ sometimes as to the aspect of the func- 
tion concept on which they put the emphasis. The former usually stresses the 
law of correspondence, the mathematical operation that is applied to the independ- 
ent variable z to obtain the value of the dependent variable u. In this sense 
f( ) is a symbol for a mathematical operation; the value u = f(z) is the result of 
applying the operation f( ) to the number z. On the other hand, the physicist is 
often more interested in the quantity u as such than in any mathematical pro- 
cedure by which the values of u can be computed from those of z. Thus the re- 
sistance u of the air to a moving object depends on the velocity v and ean be found 
by experiment, whether or not an explicit mathematical formula for computing 
u = f(y) ia known. It is the actual resistance which primarily interests the 
physicist and not any particular mathematical formula f(v), except insofar as the 
study of such a formula may aidin analyzing the behavior of the quantity u. This 
is the attitude ordinarily taken if one applies mathematics to physica or engineer- 
ing. In more advanced calculations with functions confusion can sometimes be 
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avoided only by knowing exactly whether one means the operation f( ) which 
assigns to za quantity u = f(z), or the quantity u itself, which may also be con- 
sidered to depend, in a quite different manner, on some other variable, z. For 
example, the area of a circle is given by the function u = f(z) = xz*, where zis the 
radius, and also by the function u = g(z) = zł/4x, where z is the circumference. 


Perhaps the simplest types of mathematical functions of one variable 
are the polynomials, of the form 


u = f(z) =a tart az +.---+a,2", 


with constant ‘‘coefficients,” ao, a1, ++: ,@,. Next come the rational 
functions, such as 
bsk pee, yaa iha 

T’ 1 + 2?’ as + 32? + 5’ 
which are quotients of polynomials, and the trigonometric functions, cos z, 
sin z, and tan z = sin z/cos x, which are best defined by reference to 
the unit circle in the £, y-plane, & + 7° = 1. If the point P(t, n) moves 
on the circumference of this circle, and if z is the directed angle through 
which the positive -axis must be rotated in order to coincide with OP, 
then cos z and sin z are the coérdinates of P: cos z = £, sinz = 7. 


2. Radian Measure of Angles 


For all practical purposes angles are measured in units obtained by 
subdividing a right angle into a number of equal parts. If this number 
is 90, then the unit is the familiar “degree.” A subdivision into 100 
parts would be better adapted to our decimal system, but would repre- 
sent the same principle of measuring. For theoretical purposes, how- 
ever, it is advantageous to use an essentially different method of char- 
acterizing the size of an angle, the so-called radian measure. Many 
important formulas involving the trigonometric functions of angles have 
a simpler form in this system than if the angles are measured in degrees. 

To find the radian measure of an angle we describe a circle of radius 1 
about the vertex of the angle. The angle will cut out an are s on the 
circumference of this circle, and we define the length of this arc as the 
radian measure of the angle. Since the total circumference of a circle 
with radius 1 has the length 2x, the full angle of 360° has the radian 
measure 27. It follows that if z denotes the radian measure of an 
angle and y its degree measure, then z and y are connected by the 
relation y/360 = x/2m or 


ry = 180. 
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Thus an angle of 90° (y = 90) has the radian measure z = 907/180 = 
w/2, etc. On the other hand, an angle of 1 radian (the angle with 
radian measure x = 1) is the angle that cuts out an are equal to 
the radius of the circle; in degrees this will be an angle of y = 180/r = 
57.2957 -.- degrees. We must always multiply the radian measure z 
of an angle by the factor 180/xr to obtain its degree measure y. 

The radian measure z of an angle is also equal to twice the area A 
of the sector of the unit circle cut out by the angle; for this area bears 
to the whole area of the circle the ratio which the are along the cir- 
cumference bears to the whole circumference: 7/27 = A/zx, x = 2A. 

Henceforth the angle x will mean the angle whose radian measure is z. 
An angle of z degrees will be written x°, to avoid ambiguity. 

It will become apparent that radian measure is very convenient for 
analytic operations. For practical use, however, it would be rather 
inconvenient. Since r is irrational, we shall never return to the same 
point of the circle if we mark off repeatedly the unit angle, i.e. the angle 
of radian measure 1. The ordinary measure is so devised that after 
marking off 1 degree 360 times, or 90 degrees 4 times, we return to the 
same position. 


3. The Graph of a Function. Inverse Functions 


The character of a function is often most clearly shown by a simple 


geometrical graph. If z, u are codrdinates in a plane with respect to a 
pair of perpendicular axes, then linear functions such as 


u = az +b 
are represented by straight lines; quadratic functions such as 
u = a + be +ce 
by parabolas; the function 


u = -= 
T 

by a hyperbola, etc. By definition, the graph of any function u = J(x) 

consists of all the points in the plane whose coérdinates x, u are in the 

relationship u = f(z). The functions sin z, cos x, tan z, are repre- 

sented by the curves in Figures 151 and 152. These graphs show 

clearly how the values of the functions increase or decrease as x Varies. 
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Fig. 152. u = tan 7. 


An important method for introducing new functions is the following. 
Beginning with a known function, F(X), we may try to solve the equa- 
tion U = F(X) for X, so that X will appear as a function of U: 


(TTT 


vV — rT 
A = LLY 


). 
The function G(U) is then called an inverse function of F(X). This 
process leads to a unique result only if the function U = F(X) defines a 
biunique mapping of the domain of X onto that of U, i.e. if the in- 
equality X, = X, always implies the inequality F(Xi) Æ F(X2), for 
only then will there be a uniquely defined X correlated with each U. 
Our previous example in which X denoted any triangle in the plane and 
U = F(X) was its perimeter is a case in point. Obviously this mapping 
of the set S of triangles onto the set T of positive real numbers is not 
biunique, since there are infinitely many different triangles with the 
same perimeter. Hence in this case the relation U = F(X) does not 
serve to define a unique inverse function. On the other hand, the func- 
tion m = 2n, where n ranges over the set S of integers and m over the 
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set T of even integers, does give a biunique correspondence between 
the two sets, and the inverse function n = m/2 is uniquely defined. 
Another example of a biunique mapping is provided by the function 


3 
U= 7. 
t (2) 
a 
Fig. 153. u = zt, 


As x ranges over the set of all real numbers, u will likewise range over 
the set of all real numbers, assuming each value once and only once. 
The uniquely defined inverse function is 


In the case of the function 
u=r, 


an inverse function is not uniquely determined. For since u = 2” = 


(—z)’, each positive value of u will have two antecedents. But if, as 
is customary, we define the symbol y/u to mean the positive number 
whose square is u, then the inverse function 


z= vyu 


exists, so long as we restrict x and u to positive values. 

The existence of a unique inverse of a function of one variable, u = f(x), 
can be seen by a glance at the graph of the function. The inverse 
function will be uniquely defined only if to each value of u there corre- 
sponds but one value of z. In terms of the graph, this means that no 
parallel to the z-axis intersects the graph in more than one point. This 
will certainly be the case if the function u = f(z) is monotone, i.e. 
steadily increasing or steadily decreasing as x increases. For example, 
if u = f(x) is steadily increasing, then for 7; < 22 we always have u; = 
F(z) < ue = f(z). Hence for a given value of u there can be at most 
one x such that u = f(x), and the inverse function will be uniquely 
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defined. The graph of the inverse function z = g(u) is obtained merely 
by rotating the original graph through an angle of 180° about the dotted 
line (Fig. 154), so that the positions of the z-axisand the u-axis are inter- 
changed. ‘The new position of the graph will depict z as a function of u. 
In its original position the graph shows u as the height above the hori- 
zontal z-axis, while after the rotation the same graph shows zx as the 
height above the horizontal u-axis. 





Fig. 154. Inverse functions, 


The considerations of the preceding paragraph may be illustrated for 
the case of the function 
u = tan 2. 


This function is monotone for — 7/2 < x < r/2 (Fig. 152). The values 
of u, which increase steadily with z, range from — © to + œ; hence 
the inverse function, 


t= g(u), 
is defined for all values of u. This function is denoted by tan™ u or 


arc tan u. Thus are tan(1) = 7/4, since tan 7/4 = 1. Its graph is 
shown in Figure 155. 


Fig. 155. 3 = aro tan @ 
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4. Compound Functions 


A second important method for creating new functions from two or 
more given ones is the compounding of functions. For example, the 
function 


u = fiz) = Vi +r 

is “compounded” from the two simpler functions 
=g) =1 +, u= hg) = vz, 
and can be written as 
u = f(x) = h(glz)) (read, “h of g of z”). 
Likewise, 
1 

Vi- z 


is compounded from the three functions 


u = f(z) = 


z = gl) =1—2’, w = hlz) = vz, u = klu) ==, 


so that 
u = f(z) = k(Alg(x)). 


The function 


1 
u == f(x) = ain - 
z 
is compounded from the two functions 
} ’ 
z = g(x) = > u = h(z) = gin z, 


The function f(z) is not defined for x = 0, since for x = 0 the expression 1/zx has 
no meaning. The graph of this remarkable function is obtained from that of the 
sine. We know that sin z = 0 for z = kx, where k is any positive or negative 
juteger. Furthermore, 


1 for z= (4k +1)2, 
Bin z= 
—1 for z= (4k = D5, 


cH 
| 
c 
y 
C 
b= 
O 
ch 
KD 
oO 
a 


OM POUN 


if k is any integer. Hence 


1 

0 for z= ke? 
ain : =4 1 for x = — 
x (4k + 1x’ 

2 
—l for z= Uke 
If we set successively 
k=1,2,3, 4, 


then, since the denominators of these fractions increase without limit, the values 
of x for which the function sin (1/z) has the values 1, —1, 0, will cluster nearer 
and nearer to the point z = 0. Between any such point and the origin there will 
still be an infinite number of oscillations of the funetion. The graph of the 
function is shown in Figure 156. 


u 


JW : 
WU 


1 
Fig. 154. u = gin -. 
I 


5. Continuity 


The graphs of the functions so far considered give an intuitive idea 
of the property of continuity. We shall give a precise analysis of this 
concept in §4, after the limit concept has been put an a rigorous 
basis. But roughly speaking, we say that a function is continuous if 
its graph is an uninterrupted curve (see p. 310). A given function 
u = f(x) may be tested for continuity by letting the independent vari- 
able z move continuously from the right side and from the left side 
towards any specified value xı. Unless the function u = f(x) is con- 
stant in the neighborhood of xı , its value will also change. If the value 
f(x) approaches as a limit the value f(z;) of the function at the specified 
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point x = 2, no matter whether we approach x, from one side or the other, 
then the function is said to be continuous at xı. If this holds for every 
point zı of a certain interval, then the function is said to be continuous 
in the interval. 

Although every function represented by an unbroken graph is con- 
tinuous, it is quite easy to define functions that are not everywhere 
continuous. For example, the function of Figure 157, defined for all 
values of x by setting 


f(xy) =1 +r for z>0 
tvs ' 
f(z) = -l4+a for xz <0 
u 
O x 


Fig. 157. Jump discontinuity. 


is discontinuous at the point zı = 0, where it has the value —1. If we 

try to draw a graph of this function, we shall have to lift our pencil 

irom the paper at this point. If we approach the value zı = 0 from the 

right side, then f(z) approaches +1. But this value differs from the 

actual value, —1, at this point. The fact that — 1 is approached by f(x) 

as x tends to zero from the left side does not suffice to establish continuity. 
The function f(x) defined for all x by setting 


f(z) =0 for z #0, (0) = 1, 


presents a discontinuity of a different sort at the point z, = 0. Here 
both right- and left-hand limits exist and are equal as z approaches 0, 
but this common limiting value differs from f(0). 


ATTTIMU OOF 
it gO 


Another type of discontinuity is shown by the function of Figure 158, 


u = f(z) = 5 


on 


Fig. 158, Infinite discontinuity. 


at the point x = 0. If z is allowed to approach zero from either side, 
u tends to infinity; the graph of the function is broken at this point, 
and small changes of z in the neighborhood of x = 0 may produce very 
large changes in u. Strictly speaking, the value of the function is not 
defined for z = 0, since we do not admit infinity as a number and 
therefore we cannot say that f(z) is infinite when x = 0. Hence we say 
only that f(x) “tends to infinity” as z approaches zero. 


A still different type of discontinuity annears in the function u = 


differen of discontinuit appears in netior 
sin (1/x) at the point xz = 0, as is apparent from the graph of that 
function (Fig. 156). 

The preceding examples exhibit several ways in which a function can 
fail to be continuous at a point z = z; : 

1) It may be possible to make the function continuous at z = zı by 
properly defining or redefining its value when x = 2. For example, 
the function u = 2x/z is constantly equal to 1 when z = Q; it is not 
defined for x = 0, since 0/0 is a meaningless symbol. But if we agree 
in this case that the value « = 1 shall also correspond to the value 

= 0, then the function so extended becomes continuous for every 
value of x without exception. The same effect is produced if we redefine 
f(0) = 0 for the function defined at the bottom of the preceding page. 
A discontinuity of this kind is said to be removable. 

2) Different limits may be approached by the function as z ap- 
proaches z, from the right and from the left, as in Figure 157. 

3) Even one-sided limits may not exist, as in Figure 156. 
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4) The function may tend to infinity as z approaches zı, as in 
Figure 158. . 

Discontinuities of the last three types are said to be essential; they 
cannot be removed by properly defining or redefining the function at 
the point x = 2, alone. 


x—l z — l x 


PAR OOO LS hej 
a'al e 141) and find their 


Exercises: 1) Plot the functions 
discontinuities. 
2) Plot the functions z sin : and 2? gin - and verify that they are continuous 
atx = 0, if one defines u = 0 for z = 0, in both cases. 
*3) Show that the function arc tan = has a discontinuity of the second type 
(jump) at z = 0. 
*6. Functions of Several Variables 


We return to our systematic discussion of the function concept. If 


ct 


© indanandoent variahle P ie a nant in the nlane unth anaArdinates r 4 
© inucp 
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and if to each such point P corresponds a single number u—for example, 
u might be the distance of the point P from the origin—then we usually 
write 
u = f(z, y). 

This notation is also used if, as often happens, two quantities x and y 
appear from the outset as independent variables. For example, the 
pressure u of a gas is a function of the volume z and the temperature y, 
and the area u of a triangle is a function u = f(z, y, z) of the lengths 
x, y, and z of its three sides. 

In the same way that a graph gives a geometrical representation of a 
function of one variable, a geometrical representation of a function 
u = f(z, y) of two variables is afforded by a surface in the three-dimen- 
sional space with z, y, u as codrdinates. To each point x, y in the 
x, y-plane we assign the point in space whose coérdinates are z, y, and 
u = f(x,y). Thus the function u = +/1 — z? — y? is represented by a 
spherical surface with the equation u? + 2? + 4° = 1, the linear func- 
tion u = ax + by + c by a plane, the function u = zy by a hyperbolic 
paraboloid, ete. 

A different representation of the function u = f(z, y) may be given 
in the z, y-plane alone by means of contour lines. Instead of considering 
the three-dimensional “landscape” u = f(z, y), we draw, as on a contour 
map, the level curves of the function, indicating the projections on the 
x, y-plane of all points with equal vertical elevation u. These level 
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curves are simply the curves f(z, y) = c, where c remains constant for 
each curve. Thus the function u = z + y is characterized by Figure 





Fig. 160. Hyperbolic paraboloid. 





NEA NZ l 


Fig. 161. A surface u = f(z, y). Fig. 162. The correaponding level curves. 


163. The level curves of a spherical surface 
are a set of concentric circles. The func- 
tion u = x” + y representing a paraboloid of 
revolution is likewise characterized by circles 
(Fig. 165). By numbers attached to the 
different curves one may indicate the height 
u=é. 

Functions of several variables occur in 
physics when the motion of a eontinuous 
substance is to be described. For example, 
suppose a string is stretched between two 
points on the z-axis and then dcformed so that 
the particle with the position z is moved a certain distance perpendicu- 
larly to the axis. If the string is then released, it will vibrate in such 
a way that the particle with the original codrdinate z will have at the 





Fig. 163. Level curves of u = r + y. 
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time ¢ a distance u = f(z, t) from the z-axis. The motion is completely 
described as soon as the function. u = f(z, t) is known. 


N\A 


z ¥ 





Fig. 164. Paraboloid of revolution. Fig. 165, The corresponding level curves. 


The definition of continuity given for functions of a single variable 
carries over directly to functions of several variables. A function 
u = f(z, y) is said to be continuous at the point t = xı, y = yı if f(z, y) 
always approaches the value f(a, yı) when the point x, y approaches 
the point xı , yı from any direction or in any way whatever. 

There is, however, one important difference between functions of one 
and of several variables. In the latter case the concept of an inverse 
function becomes meaningless, since we cannot solve an equation u = 
f(z, y), e.g. u = x + y, in such a way that each of the independent 
quantities z and y can be expressed in terms of the ove quantity u. But 
this difference in the aspect of functions of one and of several variables 
disappears if we emphasize the idea of a function as defining a mapping 
or transformation. 


*7. Functions and Transformations 


A correspondence between the points of one line J, characterized by a 
codrdinate x along the line, and the points of another line l’, character- 
ized by a codrdinate v’, is simply a function z’ = f(x). In case the 
correspondence is biunique we also have an inverse function z = g(z’). 
The simplest example is a transformation by projection, which—we 
state here without proof—is characterized in general by a function of 
the form z’ = f(z) = (ar + b)/(cx + d), where a, 5, c, d, are constants. 
In this case, the inverse function is x = g(x’) = (—dz’ + b)/(cz’ — a). 

Mappings in two dimensions from a plane ~ with coérdinates z, y 
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onto a plane x’ with coérdinates z’, y’ cannot be represented by a single 
function x’ = f(x), but require two functions of two variables: 


z= f(z, y), 
y’ = g(x, y). 
For example, a projective transformation is given by a function system, 


,_ at + byte 


gz + hy + p? 


(teats 

~ gz+ hy + k’ 
where a, b, --- , k are constants, and where z, y and 2’, y’ are coördi- 
nates in the two planes respectively. From this point of view the idea of 
an inverse transformation makes sense. We simply have to solve this 
system of equations for x and y in terms of x’ and y’. Geometrically, 
this amounts to finding the inverse mapping of x’ onto m. This will be 
uniquely defined, provided the correspondence between the points of 

the two planes is biunique. 

The transformations of the plane studied in topology are given, not 


rrr LE gu PESIS I Lees 


by simple algebraic equations, but by any system of functions, 
x! = f(z, y), 


t 


y’ = g(x, y), 


that define a biunique and bicontinuous transformation. 


T 





Ezercises: *1) Show that the transformation of inversion (Chapter III, p, 141) 
in the unit circle is given analytically by the equations z‘ = z/(z? + 4°), 
y’ = y/(x? + y?). Find the inverse transformation, Prove analytically that 
inversion transforms the totality of lines and circles into lines and cireles. 


2) Prove that by a transformation z’ = (az + Der + d) four points of the 
Z-axis are transformed into four points of the xis with the same cross-ratic, 
(See p. 175.) 

§2. LIMITS 


1. The Limit of a Sequence a, 


As we have seen in §1, the description of the continuity of a function 
is based on the limit concept. Up to now we have used this concept 
in a more or less intuitive fonn. In this and the following sections we 
shall consider it in a more systematic way. Since sequences are rather 
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simpler than functions of a continuous variable, we shall begin with a 
study of sequences. 

In Chapter II we encountered sequences a, of numbers and studied 
their limits as n increases indefinitely or “tends to infinity.” For ex- 


ample, the sequence whose nth term is a, = 1/n, 
1 1 1 
(1) l, 9! 3! ° ’ n’ ’ 
IAS VIC Lalli U lua £11 LCi ft 
1 
(2) -—0 as n> œ 


Let us try to state exactly what is meant by this. As we go out farther 
and farther in the sequence, the terms become smaller and smaller. 
After the 100th term all the terms are smaller than 1/100, after the 
1000th term all the terms are smaller than 1/1000, and so on. None of 
the terms is actually equal to 0. But if we go out far enough in the 
sequence (1), we can be sure that each of its terms will differ from 0 
by as litlle as we please. 

The only trouble with this explanation is that the meaning of the 
italicized phrases is not entirely clear. How far is ‘far enough,” and how 
little is ‘‘as little as we please”? If we can attach a precise meaning 
to these phrases then we can give a precise meaning to the limiting 
relation (2). 

A geometric interpretation will help to make the situation clearer. 
If we represent the terms of the sequence (1) by their corresponding 
points on the number axis we observe that the terms of the sequence 
appear to cluster around the point 0. Let us choose any interval J on 
the number axis with center at the point 0 and total width 2e, so that 
the interval extends a distance e on each side of the point 0. If we 
choose e = 10, then, of course, all the terms a, = 1/n of the sequence 
will lie inside the interval J. If we choose e = 1/10, then the first few 
terms of the sequence will lie outside 7, but all the terms from an cn, 


1 1 i 1 
11712713714’? 
will lie within Z. Even if we choose «e = 1/1000, only the first thou- 


sand terms of the sequence will fail to lie within 7, while from the term 
Qi on, all the infinitely many terms 


Qio01 » A1002 ; 008 ; ..-. 
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will lie within J. Clearly, this reasoning holds for any positive number e: 
as soon as a positive ¢ is chosen, no matter how small it may be, we can 
then find an integer N so large that 


WSS 


From this it follows that all the terms a, of the sequence for which 
n > N will lie within J, and only the finite number of terms a) , Gg, +»: 
ay] can lie outside. The important point is this: First the width of 
the interval I is assigned at pleasure by choosing e Then a suitable 
integer N can be found. This process of first choosing a number e and 
then finding a suitable integer N can be carried out for any positive 
number e, no matter how small, and gives a precise meaning to the 
statement that all the terms of the sequence (1) will differ from 0 by 
as little as we please, provided we go out far enough in the sequence. 

To summarize: Let e be any positive number. Then we can find an 
integer N such that all the terms a, of the sequence (1) for which n > N 
will lie within the interval J of total width 2e and with center at the 
point 0. This is the precise meaning of the limiting relation (2). 

On the basis of this example we are now ready to give an exact defini- 
tion of the general statement: ‘The sequence of real numbers a, az, 
a3, +++ has the limit a.” We include a in the interior of an interval I 
of the number axis: if the interval is small, some of the numbers a, may 
lie outside the interval, but as soon as n becomes sufficiently large, say 
greater than or equal to some integer N, then all the numbers a, for 
which n > N must lie within the interval I. Of course, the integer N 
may have to be taken very large if a very small interval J is chosen, 
but no matter how small the interval Z, such an integer N must exist 
if the sequence is to have a as its limit. 

The fact that a sequence a, has the limit a is expressed symbolically 
by writing 


lim a, = a asn—> o, 
or simply 
ana as n — © 


(read: a, tends to a, or converges to a). The definition of the convergence 
of a sequence a, to a may be formulated more concisely as follows: The 
Sequence My, A2, As, «++ has the limit a as n tends to infinity if, corre- 
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sponding to any positive number e, no matter how small, there may be 
found an integer N (depending on. e), such that 


(3) Ja—a,|<e 
for all 
n>N. 


This is the abstract formulation of the notion of the limit of a se- 
quence. Small wonder that when confronted with it for the first time 


one may not fathom it in a few minutes. There is an unfortunate, 
almost snobbish attitude on the part of some writers of textbooks, who 
present the reader with this definition without a thorough preparation, 
as though an explanation were beneath the dignity of a mathematician. 

The definition suggests a contest between two persons, A and B. 
A sets the requirement that the fixed quantity a should be approached 
by a, with a degree of accuracy better than a chosen margin e = «4 ; 
B meets the requirement by demonstrating that there is a certain integer 
N = N, such that all the a, after the element ay, satisfy the e-require- 
ment. Then A may become more exacting and set a new, smaller, 
margin, e = &. B again meets his demand by finding a (perhaps much 
larger) integer N = N. If B can satisfy A no matter how small A sets 
his margin, then we have the situation expressed by a, — a. 

There is a definite psychological difficulty in grasping this precise 
definition of limit. Our intuition suggests a “dynamic” idea of a limit 
as the result of a process of ‘‘motion”: we move on through the row of 
integers 1, 2, 3, ---:,,--- and then observe the behavior of the se- 
quence aj. We feel that the approach a, — a should be observable. 
But this “natural” attitude is not capabie of clear mathematical formu- 
lation. To arrive at a precise definition we must reverse the order of 
steps; instead of first looking at the independent variable n and then at the 
dependent variable an , we must base our definition on what we have to 
do if we wish actually to check the statement a, — a. In such a pro- 
cedure we must first choose an arbitrarily small margin around a and 
then determine whether we can meet this condition by taking the inde- 
pendent variable n sufficiently large. Then, by giving symbolic names, 
e and N, to the phrases “arbitrarily small margin” and “sufficiently 
large n,” we are led to the precise definition of limit. 

As another example, let us consider the sequence 

123 4 n 


FPFE” np? 
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n 
where a, = aI I state that lim a, = 1. If you choose an interval 


whose center is the point 1 and for which e = 1/10, then I can satisfy 
your requirement (3) by choosing N = 10; for 


as soon as n > 10. If you strengthen your demand by choosing e= 
1/1000, then again I can meet it by choosing N = 1000; and similarly 
for any positive number e, no matter how small, which you may choose; 
in fact, I need only choose any integer N greater than 1/e. This 
process of assigning an arbitrarily small margin e about the number a 
and then proving that the terms of the sequence a, are all within a dis- 
tance e of a if we go far enough out in the sequence, is the detailed 
description of the fact that lim a, = a. 

If the members of the sequence a , a2 , as, «-+ are expressed as infinite 
decimals, then the statement lim a, = a simply means that for any 
positive integer m the first m digits of a, coincide with the first m digits 
of the infinite decimal expansion of the fixed number a, provided that n 
is chosen sufficiently large, say greater than or equal to some value N 
(depending on m). This merely corresponds to choices of e of the 
form 107”. 

There is another, quite suggestive, way of expressing the limit concept. 
If lim a, = a, and if we enclose a in the interior of an interval J, then 
no matter how small J may be, all the numbers a, for which n is greater 
than or equal to some integer N will lie within J, so that at most a 
finite number, N—1, of terms at the beginning of the sequence, 


Qi, 2, °** ,ay-1, 


can lie outside I. If I is very small, N may be very large, say a hundred 
or even a thousand billion; still only a finite number of terms of the 
sequence will lie outside 7, while the infinitely 
will lie within J. 

We may say of the members of any infinite sequence that “almost all” 
have a certain property if only a finite number, no matter how great, 
do not have the property. For example “almost all” positive integers 
are greater than 1,000,000,000,000. Using this terminology, the state- 
ment lim o, = a is equivalent to the statement: If I is any interval with a 
as tts center, then almost all of the numbers a, lie within I. 

It should be noted in passing that it is not necessarily assumed that 
all the terms a, of a sequence have different values. It is permissible for 


wean 4 eae 


nany remaining vermis 
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some, infinitely many, or even all the numbers a, to be equal to the 
limit valuea. For example, the sequence for which a; = 0, a = 0, -- 
a, = O,--- is a legitimate sequence, and its limit, of course, is 0. 

A sequence a, with a limit a is called convergent. A sequence a, 
without a limit is called divergent. 


Exercises: Prove: 





1. The sequence for which a, = —"— has the limit 0. (Hint: a, = —— 
n+- 
n 


1 
is less than 4 and greater than 0.) 


1+ — 





n? + 1 AEN 3 
ee | has the limit 0. (Hint: a, = 





2. The sequencea, = lies between 


nto 
0 and 2) 
n 


3. The sequence 1, 2, 3, 4, «++ and the oscillating sequences 
1, 2,1,2,1, 2, +, 
—1, 1, —1, l, ~l,- (i.e. a, = (—1)"), 
and 1, 4, 1, 4, 1, 4, 1, 4, °°° 


do not have limits. 


If in a sequence a, the members become so large that eventually a, 
is larger than any preassigned number K, then we say that a,, fends to 
infinity and write lima, = ©, ora,— ©. For example, n? — œ and 
2" — œ. This terminology is useful, though perhaps not quite con- 
sistent, because œ is not considered to be a number a. A sequence 
tending to infinity is still called divergent. 








24 1 
Exercise! Prove that the sequence @, = 2 tends to infinity; similarly 
fo ntl _ = —1 nd n” 
IT An = = = x 
Tatl’ n+l ME ey 


Beginners sometimes fall into the error of thinking that a passage to 
the limit as n — o may be performed simply by substituting n = œ 


in the expression for a For example. 1/n — 0 because ‘‘1 [2 = 0” 
Ane wre aw SAH ft = Was WaLL awy ayer RF ee 


But the symbol © is not a number, and its use in the expression 1/ 
is illegitimate. Trying to imagine the limit of a sequence as the “ulti- 
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mate” or “last” term a, when n = © misses the point and obscures the 
issue. 


2. Monotone Sequences 


In the general definition of page 291, no specific type of approach of a 
convergent sequence a;, G3, a, +-+- to its limit a is required. The 
simplest type is exhibited by a so-called monotone sequence, such as 
the sequence 


3 n 
pita 
Each term of this sequence is greater than the preceding term. For 
m+tly, 01 oy 1 = 
n+2 n+2 n+l n+1 
of this sort, where @,.: > a,n, is said to be monotone increasing. Simi- 
larly, a sequence for which a, > any, such as the sequence 1, 1/2, 
1/3, «++ , is called monotone decreasing. Such sequences can approach 
their limits from one side only. In contrast to these, there are sequences 
that oscillate, such as the sequence —1, +1/2, —1/3, +1/4,---. 
This sequence approaches its limit 0 from both sides (see Fig. 11, p. 69). 
The behavior of a monotone sequence is especially easy to determine. 
Such a sequence may have no limit, but run away completely, like the 
sequence 


Col bo 


CO] bee 





Any = a,. A sequence 


1, 2, 3, 4, very 
where a, = n, or the sequence 
2,3, 5, 7, 11, 13, ---, 
where a, is the nth prime number, pa. In this case the sequence tends 
to infinity. But if the terms of a monotone increasing sequence remain 
bounded—that is, if every term is less than an upper bound B, known 


in advance—then it is intuitively clear that the sequence must tend to a 
certain limit a which will be less than or at most equal to B. We 


a a a a i 


1 2 3 B 


Fig. 166. Monotone bounded sequence. 


formulate this as the Principle of Monotone Sequences: Any mono- 
lone increasing sequence thal hasan upper bound must converge to a limit. 
(A similar statement holds for any monotone decreasing sequence with a 
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lower bound.) It is remarkable that the value of the limit a need not 
be given or known in advance; the theorem states that under the pre- 
scribed conditions the limit exists. Of course, this theorem depends on 
the introduction of irrational numbers and would otherwise not always 
be true; for, as we have seen in Chapter IT, any irrational number (such 
as \/2) is the limit of the monotone increasing and bounded sequence 
of rational decimal fractions obtained by breaking off a certain infinite 
decimal at the nth digit. 


* Although the principle of monotone sequences appeals to the intuition as an 
obvious truth, it will be instructive to give a rigorous proof in the modern fashion. 
To do this we must show that the principle is a logical consequence of the defini- 
tions of real number and limit. 

Suppose that the numbers a,, @:, @3, +> form a monotone increasing but 
bounded sequence. We can express the terma of this sequence as infinite decimals, 


G1 = Åi ppp ttt, 
aa = Ar.Qidss eee i 


where the A, are integers and the p; , qi, etc. are digits from 0 to 9. Now run 


down the column of integers A1, Az, As, +». Since the sequence a,, aa, 
as, ++ 18 bounded, these integers cannot increase indefinitely, and since the 
sequence 18 monotone increasing, the sequence of integers A,, Az, As, = will 


remain constant after attaining tts maximum value. Call this maximum value A, 
and suppose that it is attained at the Noth row. Now run down the second 
column Pi; Qr, 71, >te , confining attention to the terms of the Noth and sub- 
sequent rows. If z, is the largest digit to appear in this column after the Noth 
row, then z; will appear constantly after its first appearance, which we may sup- 
pose to occur in the Nith row, where Ni > No. For if the digit in this column 
decreased at any time thereafter, the sequence @,, a: , as, -++ Would not be mono- 
tone increasing. Next we consider the digits p,, g2, 72, ++: of the third column. 
A similar argument shows that after a certain integer N: > N, the digits of the 
third column are constantly equal to some digit z4. If we repeat this process 
for the 4th, 5th, --- columns we obtain digits zs, t4, 25, °°: and corresponding 
integers Nz, Na, Ni, >. It is easy to see that the number 


a= A -TTT eae 


is the limit of the sequence a, , a2, @3,-°°:. For if eis chosen > 107", then for 
all n > Nma the integral part and first m places of digits after the decimal point 
in dq will coincide with those of a, so that the difference | a — a, | cannot exceed 
10-". Since this can be done for any positive e however small, by choosing m 
sufficiently large, the theorem is proved. 

It is also possible to prove this theorem on the basis of any one of the other 
definitions of real numbers given in Chapter II; for example, the definition by 
nested intervals or by Dedekind cuts. Such proofs are to be found in most texts 
on advanced calculus. 
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The principle of monotone sequences could have been used in Chapter II to 
define the sum and product of two positive infinite decimals, 
a= Å. t, 
b ni B.bibabs =r. 
Two such expressions cannot be added or multiplied in the ordinary way, starting 
from the right-hand end, for there is no such end. (Asan example, the reader may 
try to add the two infinite decimals 0.333333 --- and 0.989898 --- .) But if Ts 
denotes the finite decimal fraction obtained by breaking off the expressions for 
aand b at the mth place and adding in the ordinary way, then the sequence zi, T2, 
zs, °'* will be monotone increasing and bounded (by the integer A + B + 2, 
for example). Hence this sequence has a limit, and we may define a + 6 = lim z. 
A similar process serves to define the product ab. These definitions can then be 
extended by the ordinary rules of arithmetic to cover all cases, where a and b are 
positive or negative. 
Exercise: Show in this way that the sum of the two infinite decimals considered 
above is the real number 1.323232 --- = 131/99. 


The importance of the limit concept in mathematics lies in the fact 
that many numbers are defined only as limits-—often as limits of mono- 
tone bounded sequences. This is why the field of rational numbers, in 
which such limits may not exist, is too narrow for the needs of 
mathematics. 


3. Euler’s Number e 


The number e has had an established place in mathematics alongside 
the Archimedean number ~ ever since the publication in 1748 of Euler’s 
Introductio in Analysin Infinttorum. It provides an excellent illustra- 
tion of how the principle of monotone sequences can serve to define a 
new real number. Using the abbreviation 


= 1.2.3.4... n 


for the product of the first n integers, we consider the sequence 
Qi, G2, As, +- , where 


(4) =1+5 L+ Hee + L 

The terms a, form a monotone increasing sequence, since @n41 Originates 
from a, by the addition of the positive increment ( 0! . Moreover, 
the values of a, are bounded above: 

(5) an < B= 3. 

For we have gata S550 5 = 
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and hence 


1.1.1 1 1 — (4)" 
a<Ilt ltsteatato ten =1t = 


using the formula given on page 13 for the sum of the first n terms of a 
geometric series. Hence, by the principle of monotone sequences, a, 
must approach a limit as n tends to infinity, and this limit we call e. 
To express the fact that e = lim a, , we may write e as the “infinite 
series”’ 





1 1 l 
(6) e= Hittat tate 


nt 


This “equality,” with a row of dots at the end, is simply another way 
of expressing the content of the two statements 


1 ] 1 
and 


n >o Ee as n—- ow, 


The series (6) permits the calculation of e to any desired degree of 
accuracy. For example, the sum (to nine digits) of the terms in (6) 
up to and including 1/12! is Z = 2,71828183 .-.. (The reader should 
check this result.) The ‘‘error,” i.e. the difference between this value 
and the true value of e can easily be appraised. We have for the differ- 
ence (e — 2) the expression 


Ltt <mUtagtmt) 





13! I4! 13! 3° 132 
-1 1 _ 1 
13! 1 1 12.12! 
13 


This is so smali that it cannot affect the ninth digit of Z. Hence, allow- 
ing for a possible error in the last figure of the value given above, we 
have e = 2.7182818, to eight digits. 


* The number e is irrational. To prove this we shall procced indirectly by as- 
suming that e = p/q, where p and q are integers, and then deducing an absurdity 
from this assumption. Since we know that 2 < e < 3, e cannot be an integer, 
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and therefore g must be at least equal to 2. Now we multiply both sides of (6) 
by qa! = 2-3 --> g, obtaining 


e-gl = p-2-3--- (q — 1) 
=[qltqlt34eqgt45egtertq—-Vatetl 


1 1 
@+n)*@i@ta* UU 
On the left side we obviously have an integer. On the right side, the term in 
brackets is likewise an integer. The remainder of the right side, however, is a 
positive number that is less than 4 and hence no integer. For gq > 2, and hence 
the terms of the series 1/(q + 1) + --- are respectively not greater than the 
corresponding terms of the geometrical series 1/3 + 1/3? + 1/3! + .--- , whose 
sum is 1/3[1/(1 — 1/3)]) = $. Hence (7) presents a contradiction: the integer on 
the left side cannot be equal to the nuniber on the right side; for this latter num- 
ber, being the sum of an integer and a positive number less than $, is not an 
integer. 


(7) 
+ 


A 

As is known from school mathematics, the length of the circumference 
of a circle of unit radius can be defined as the limit of a sequence of 
lengths of regular polygons with an increasing number of sides. The 
length of the circumference so defined is denoted by 27. More precisely, 
if pa denotes the length of the inscribed, and g, the length of the circum- 
scribed regular n-sided polygon, then Ppa < 2r < Qn. Moreover, as n 
increases, each of the sequences Pa, Qn approaches 2r monotonically, 
and with each step we obtain a smaller margin for the error in the 
approximation of 2r given by Pa or Qa. 
On page 124 we found the expression 


pin = 24/2 — 0/24 Vag... 
containing m — 1 nested square root signs. 


This formula can be used to compute the ap- 
proximate value of 2r. 





Erercises: 1. Find the approximate value of x 
given by pa, ps, and pie. 

*2, Find a formula for y, 

*3. Use this formula to find gs, ga, and gis. 
From a knowledge of pu aud qi, state bounds between which wr must lie. 


Fig. 167. Circle approximated 
by polygons. 


What is the number r? The inequality pa < 2m < q, gives the com- 
plete answer by setting up a sequence of nested intervals which close 
down on the point 27. Still, this answer leaves something to be de- 
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sired, for it gives no information about the nature of r as a real number: 
is it rational or irrational, algebraic or transcendental? As we have 
mentioned on page 140, = is in fact a transcendental number, and hence 
irrational. In contrast to the proof for e, the proof of the irrationality 
of x, first given by J. H. Lambert (1728-1777), is rather difficult and 
will not be undertaken here. However, other information about 7 is 
within ourreach. Recalling the statement that the integers are the basic 
material of mathematics, we may ask whether the number r has any 
simple relationship to the integers. The decimal expansion of 7, al- 
though it has been calculated to several hundred places, reveals no trace 
of regularity. This is not surprising, since x and 10 have nothing to do 
with one another. But in the eighteenth century Euler and others 
found beautiful expressions linking x to the integers by means of infinite 
series and products. Perhaps the simplest such formula is the following: 


T 1 1 1 
= E 1 — — =- = = . r 
4 3 + 5 7 + ' 
expressing 7/4 as the limit for increasing 7 of the partim sums 
1 i 
n = ~s = —1)" 
malo gt gro HOD Fi 


We shall derive this formula in Chapter VIII. Another infinite series 
for m is 


2 


~atetatetatet 


Still another striking expression for m was discovered by the English 
mathematician John Wallis (1616-1703). His formula states that 


224466 2n 2n Tanoa 
57 Qn—12n4+1 2 f 


This is sometimes written in the abbreviated form 


T 22446688 


2 13355779” 
the expression on the right being called an infinite product. 
A proof of the last two formulas will be found in any comprehensive 
book en the calculus (see p. 482 and pp. 509-510). 
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*5, Continued Fractions 


Interesting limiting processes occur in connection with continued 
fractions. A finite continued fraction, such as 


La or oe 
lé 2+ — 
I+s 


represents a rational number. On page 49 we showed that every ra- 
tional number can be written in this form by means of the Euclidean 
algorithm. For irrational numbers, however, the algorithm does not 
stop after a finite number of steps. Instead, it leads to a sequence of 
fractions of increasing length, each representing a rational number. In 
particular, all real algebraic numbers (see p. 103) of degree 2 may be 
expressed in this way. Consider, for example, the number x = +/2 — 1, 


which is a root of the quadratic equation 
rt + 22 = 1 or r= d 
? 2+2 


If on the right side x is again replaced by 1/(2 + zx} this yields the 
expression 


p=, 
2+ TFE 
and then 
z= =o 
24 — 
2 + 542 + z 
and so on, so that after n steps we obtain the equation 
t = l ) 
2+ — 
2 + 2+4 —  ¢nsteps. 
l 1 
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As n tends to infinity, we obtain the “infinite continued fraction” 


f/2=14+ — l . 
2 + ———— 
a, 1 
2+ —— 

a 


This remarkable formula connects +/2 with the integers in a much 
more striking way than does the decimal expansion of +/2, which dis- 
plays no regularity in the succession of its digits. 

For the positive root of any quadratic equation of the form 


zs =ar+1, or beat., 
we obtain the expansion 


z =a + ——_____.. 
a+ — 
atay 


For example, setting a = 1, we find 


z= 414+ 5) =14 ; 
1+ ——,— 


‘tip 


(cf. p. 123). These examples are special cases of a general theorem 
which states that the real roots of quadratic equations with integral co- 
efficients have periodic continued fraction developments, just as rational 
numbers have periodic decimal expansions. 

Euler was able to find almost equally simple infinite continued 
fractions for e and x. The following are exhibited without proof: 


e=2 + i ; 
1+ i 
2 -+ 
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e= 2 — 
i 
a 
3+ — 
4+ 5 — 
T 1 

Ten p c. 
$ i+ 3 
2+ p 

2 + 92 

a+ ay 


§3. LIMITS BY CONTINUOUS APPROACH 


1. Introduction. General Definition 


In §2, Article 1 we succeeded in giving a precise formulation of the 
statement, “The sequence a, (i.e. the function a, = F(n) of the integral 
variable n) has the limit a as n tends to infinity.” We shall now give a 
corresponding definition of the statement, “The function u = f(x) of 
the continuous variable z has the limit a as x tends to the value x, .” 
In an intuitive form this concept of limit by continuous approach of 
the independent variable x was used in §1, Article 5 to test the con- 
tinuity of the function f(z). 

Again let us begin with a particular example. The function 
f(z) = (2+ 2) ta a); is defined for all values of x other than x = 0, where the 
denominator vanishes. If we draw a graph of the function u = f(z) 
for values of z in the neighborhood of 0, it is evident that as x “‘ap- 
proaches’ 0 from either side the corresponding value of u = f(z) “ap- 
proaches” the limit 1. In order to give a precise description of this 
fact, let us find an explicit formula for the difference between the value 
f(x) and the fixed number 1: 





a 
ja) -1 = 2%" —1= r+- 


r? 
T T 
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If we agree to consider only values of z near 0, but not the value z = 0 
itself (for which f(z) is not even defined), we may divide both numerator 
and denominator of the expression on the right side of this equation by 
x, obtaining the simpler formula 


fiz) —1= 27, 


i 


Fig. 168. u = (x + 2*)/r, 
Clearly, we can make this difference as small as we please by confining 


x to a sufficiently small neighborhood of the value 0. Thus forz = Hi 
ff. i 1 - f 


`y _ H 1 S z ns 
it , ~~ ~ 00’ 


ior tf = +p e — = 10,000’ 
generally, if «e is any positive number, no matter how small, then the 
difference between f(x) and 1 will be smaller than e, provided only that 


the distance of x from 0 is less than the number 6 = ~/e. For if 

|e] < Ve 
then 

| f(@)-—1]=|2*|<e 
The analogy with our definition of limit for a sequence is complete. 
On page 291 we made the definition, “The sequence a, has the limit a 
as n tends to infinity if, corresponding to every positive number e, no 
matter how small, there may be found an integer N (depending on e) 
such that 
|a,-—al<e 

for all n satisfying the inequality 

n> N.” 
In the case of a function f(z) of a continuous variable z as x tends to a 
finite value zı, we merely replace the “‘sufficiently large” n given by 
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N by the “‘sufficiently near” zı given by a number 4, and arrive at the 
following definition of limit by continuous approach, first given by 
Cauchy around 1820: The function f(x) has the limit a as x tends to the 
value x, if, corresponding to every positive number e, no matter how small, 
there may be found a positive number ô (depending on e) such that 


| f(z) —al <e 
for all x =Æ xı satisfying the inequality 
|x—a| <6. 
When this is the case we write 
f(z) a as 22. 


In the case of the function f(z) = (x + 2’)/x we showed above that 
f(z) has the limit 1 as z tends to the value z; = 0. In this case it was 
sufficient always to choose 6 = Ve. 


2. Remarks on the Limit Concept 


The (e, 5)-definition of limit is the result of more than a hundred 
years of trial and error, and embodies in a few words the result of per- 
sistent effort to put this concept on a sound mathematical basis. Only 
by limiting processes can the fundamental notions of the calculus— 
derivative and integral—be defined. But a clear understanding and a 
precise definition of limits had long been blocked by an apparently 
insurmountable difficulty. 

In their study of motion and change the mathematicians of the 
seventeenth and eighteenth centuries accepted as a matter of course 
the concept of a quantity z steadily changing and moving in a contin- 
uous flow toward a limiting value zı. Associated with this primary flow 
of time or of a quantity z behaving like time they considered a sec- 
ondary value u = f(z) that followed the motion of x. The problem 
was to attach a precise mathematical meaning to the idea that f(x) 
“tends to” or “approaches” a fixed value a as z moves toward zı. 

But from the time of Zeno and his paradoxes the intuitive physical 
or metaphysical concept of continuous motion has eluded all attempts 
at an exact mathematical formulation. There is no difficulty in proceed- 
ing step by step through a discrete sequence of values a , dz, aa ,.... 
But in dealing with a continuous variable x that ranges over a whole 
interval of the number axis it is impossible to say how z shall “approach” 
the fixed value z, in such a way as to assume consecutively and in their 
order of magnitude all the values in the interval. For the points ona 
line form a dense set, and there is no “next” point after a given point 
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has been reached. Certainly, the intuitive idea of a continuum has a 
psychological reality in the human mind. But it cannot be called upon 
to resolve a mathematical impossibility; there must remain a discrep- 
ancy between the intuitive idea and the mathematical language 
designed to describe the scientifically relevant features of our intuition 
in exact logical terms. Zeno’s paradoxes are a pointed indication of this 
discrepancy. 

Cauchy’s achievement was to realize that, as far as the mathematical 
concepts are concerned, any reference to a prior intuitive idea of con- 
tinuous motion may and even must be omitted. As happens so often, 
the path to scientific progress was opened by resigning an attempt in a 
metaphysical direction and instead operating solely with notions that 
in principle correspond to “observable” phenomena. If we analyze 
what we really mean by the words “continuous approach,” how we must 
proceed to verify it in a specific case, then we are forced to accept a 
definition such as Cauchy’s. This definition is static; it does not pre- 
suppose the intuitive idea of motion. On the contrary, only such a 
static definition makes possible a precise mathematical analysis of con- 
tinuous motion in time, and disposes of Zeno’s paradoxes as far as 
mathematical science is concerned. 

In the (e, 6)-definition the independent variable does not move; it 
does not “tend to” or “approach” a limit x, in any physical sense. 
These phrases and the symbol — still remain, and no mathematician 
need or should lose the suggestive intuitive feeling that they express. 
But when it comes to checking the existence of a limit in actual scientific 
procedure it is the (e, 6)-definition that must be applied. Whether 
this definition corresponds satisfactorily with the intuitive “dynamic” 
notion of approach is a question of the same sort as whether the axioms 
of geometry provide a satisfactory description of the intuitive concept 
of space. Both formulations leave out something that is real to the 
intuition, but they provide an adequate mathematical framework for 
expressing our knowledge of these concepts. 

As in the case of sequential limit, the key to Cauchy’s definition lies 
in the reversal of the “natural” order in which the variables are con- 
sidered. First we fix our attention on a margin e for the dependent vari- 
able, and then we seek to determine a suitable margin ô for the inde- 
pendent variable. The statement “f(r) — a as x — 2,’ is only a brief 
way of saying that this can be done for every positive number e. In 
particular, no part of this statement, e.g. “x — xi? has a meaning by 
itself. 
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One more point should be stressed. In letting z “tend to” zı we may 
permit z to be greater than or less than vı, but we expressly exclude 
equality by requiring that x ~ zı : x tends to 2, but never actually 
assumes the value zı. Thus we can apply our definition to functions 
that are not defined for x = xı, but have definite limits as z tends 
to zı ; e.g. the function f(z) = tae considered on page 308. Iéxclud- 
ing x = xı corresponds to the fact that, for limits of sequences a, as 
n — ©, e.g. a, = 1/n, we never substitute n = œ in the formula. 

However, as x tends to zı, f(z) may approach the limit a in such a 
way that there are values x = 2, for which f(z) = a. For example, in 
considering the function f(z) = z/z as x tends to 0 we never allow z to 
equal 0, but f(z) = 1 for all x = 0 and the limit a exists and is equal to 1 
according to our definition. 


3. The Limit of =: 


If x denotes the radian measure of an angle, then the expression = 


is defined for all z except zx = 0, where it becomes the meaningless 
symbol 0/0. The reader with access to a table of trigonometric func- 





. . sin x 
tions will be able to compute the value of for small values of z. 
T 
TThacn ¢taklag nra anmmannliy muvan in tarma nf tha dorran maaaira nf 
4 CoU ADIO ait VOLILNI BYG Mi WOP O1 VOC Gece Mitasure OI 


to the radian measure y by the relation z = So y = 0.01745 y, to 5 


places. From a four-place table we find that for an angle of 


sin x 


10°, <æ = 0.1745, sinz = 0.1736, —~ = 0.9948 
5°, 0.0873, 0.0872, 0.9988 
2°, 0.0349, 0.0349, 1.0000 
1°, 0.0175, 0.0175, 1.0000. 


Although these figures are stated to be accurate only to four places, 
it would appear that 


i 
8 
| 
S 


(1) sin r/r — l 
\As 


wpe 


We shall now give a rigorous proof of this limiting relation. 
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From the unit circle definition of the trigonometric functions, if z 
is the radian measure of angle BOC, for 0 < z <= we have 
area of triangle OBC = TEF x 
area of circular sector OBC = 4-2 (see p. 278) 
area of triangle OBA = 4-1.tan z. 


Hence 
sing < g < tan2. 





Dividing by sin x we obtain 


Fig. 160. J x 1 
sing ` cos g’ 
or 
(2) cost < -m <1. 


1 + cosg 1 — cos’ r sin’ x 
Now 1 — cosz = (1 — cos gy) —— s Y = = 
( TES l + cos x 1 + cos x 


sin’ x. Since sin z < z, this shows that 





vey i COs TN T, 
or 


1 — z? < cosz. 
Together with (2), this yields the final inequality 
(4) l-r < -= <1. 
Although we have been assuming that 0 < z < z! this inequality is 


sin (—z)  —sinz _ snz pi 


=F . 
also true for — < zx < 0, since —~-__~ , and 
2 (—2z) =f x 


(—z) = r 
From (4) the limit relation (1) is an immediate consequence. For 


the difference between = and 1 is less than x’, and this can be made 
less than any number e by choosing |z| < ô = Ve. 


wet . l—cosz 
Exercises: 1) From the inequality (3) deduce the limiting relation = —0 


as x — 0). 
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Find the limits as x — 0 of the following functions: 




















sin? z Bin x tan z sin az 
2 D enn ®» es: O 
J si i aj ~~ /_ 
sin az x sin z gin z 
6) = p) — L, 83 , if z is measured in degrees. 
sin bz 1 — cos z z 
1 l 1 1 
9) -—- . 10) - — . 
tan x BID x tan x 


4. Limits as x — œ 


If the variable x is sufficiently large, then the function f(z) = 1/z 
becomes arbitrarily small, or “tends to 0.” In fact, the behavior of 
this function as x increases is essentially the same as that of the sequence 
1/n as n increases. We give the gencral definition: The function 
f(x) has the limit a as x tends to infinity, written 

f(z) a asxz— om, 
auf, corresponding to each positive number e, no matter how small, there can 
be found a positive number K (depending on e) such that 
lf(z) al< e 


provided only that |x| > K. (Compare with the corresponding defini- 
tion on p. 305.) 

In the case of the function f(z) = 1/z, for which a = 0, it suffices to 
choose K = 1/e, as the reader may at once verify. 


Exercises: 1. Show that the foregoing definition of the statement 
Jf(z)>a as roe 
18 equivalent to the statement 


f(z) - a as 1/z — 0. 








Y3 o ae aLnt bbh Folate Views t natandaan LLTI’ 
FIOVe tila. tile Diplitewilb III Pela PLOim GP, 
z+l etartil 
2. — 1 asym, 3. —s— >] ~ ahr om, 
z—1 ai—~a2—1 
sin x z+ 
4. — —0 asz— om, 5. => 0 as > o, 
x a+ 
gin x sin x Na 
6. ~————0 asr™>», 7. — has no limit aş z —> œ 
z + cos z COB Z 


8. Define: ‘‘f(z) — » as y —> œ." Give an example. 
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There is one difference between the case of a function f(z) and a sequence ap. 
In the case of a sequence, n can tend to infinity only by increasing, but for a 
function we may allow z to become infinite either positively or segatively. If it 
is desired to restrict attention to the behavior of f(x) when z assumes large posi- 
tive values only, we may replace the condition | v | > K by the condition z > K; 
for large negative values of x we use the condition x < —K. To symbolize these 
two methods of ‘‘one-sided’’ approach to infinity we write 


z= +%, gz => — %0 


respectively. 


§4. PRECISE DEFINITION OF CONTINUITY 


In §1, Article 5 we stated what amounts to the following criterion for 
the continuity of a function: “A function f(x) is continuous at the point 
x = 2, if, when z approaches zı, the quantity f(z) approaches the value 
f(z) as a limit.” If we analyze this definition we see that it consists 
of two different requirements: 

a) the limit a of f(z) must exist as x tends to 21, 

b) this limit a must be equal to the value f(z). 

If in the limit definition of page 305 we set a = f(x), then the condi- 
tion for continuity takes the following form: The function f(x) is con- 
tinuous for the value x = x, if, corresponding to cvery positive number e, 
no matter how small, there may be found a positive number ô (depending 
on e) such that 


| f(z) — f(a) | < € 
for all x satisfying the inequality 
|e —ai| <6. 


(The restriction r = zı imposed in the limit definition is unnecessary 
here, since the inequality | f(a) — f(a) | < eis automatically satisfied.) 





Fig. 170, A function continuous at z = 21. Fig. 171, A function discontinuous at r= 2. 
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As an example, let us check the continuity of the function f(z) = z? 
at the point zı = 0, say. We have 


fæ) = 0° = 0. 


Now let us assign any positive value to «e, for example «e = _ . Then 


we must show that by confining z to values sufficiently near zı = 0, the 
corresponding values of f(z) will not differ from 0 by more than a 
ey ye —1 1 . . . 
i.e. will lie bet — and —-. l t th 
ie. will lie between i000 8" ooo We see immediately that this 
margin is not exceeded if we restrict x to values differing from x, = 0 


_ 74 1 
by less than 6 = Vn a TE orif|2| < gpt l= < T000: 


In the same way we can replace e = i _ by e = 10°‘, 10“, or whatever 


margin we desire; 6 = Ye will always satisfy the requirement, since 
if |z| < We, then | f(z) | = 2° < «. 

On the basis of the (e, 5)-definition of continuity one can show in a 
similar way that all polynomials, rational functions, and trigonometric 
functions are continuous, except for isolated values of x where the func- 
tions may become infinite. 

In terms of the graph of a function u = f(x), the definition of con- 
tinuity takes the following geometrical form. Choose any positive 
number e and draw parallels to the z-axis at a height f(z) — e and 
f(a) + eaboveit. Then it must be possible to find a positive number ô 
such that the whole portion of the graph which lies within the vertical 
band of width 26 about xı is also contained within the horizontal band 
of width 2e about f(z). Figure 170 shows a function which is continuous 
at xı, while Figure 171 shows a function which is not. In the latter 
case, no matter how narrow we make the vertical band about x, it 
will always include a portion of the graph that lies outsile the hori- 
zontal band corresponding to the choice of e. 


If I assert that a given function u = f(z) is continuous for the value z = x, 
it means that I am prepared to fulfill the following contract with you. You may 
choose any positive number e, as small as you please, but fixed. Then I must 
produce a positive number 6 such that | z — x, | < & implies | f(z) — f(a) < « 
I do not contract to produce at the outset a number 6 that will suffice for what- 
ever e you may subsequently choose; my choice of & will depend on your choice of e. 
If you can produce but one value e for which I cannot provide a suitable 5, then 
my assertion is contradicted. Hence to prove that I can fulfill my contract in 


312 FUNCTIONS AND LIMITS [ VI] 


any concrete case of a function u = f(z), I usually construct an explicit positive 
function 


= e(e), 
defined for every positive number «, for which I can prove that [z — x| < 8 
implies always | f(z) — f(zı) | < e. In the case of the function u = f(z) = 2 
at the value zı = 0, the function 3 = o(e) was 8 = We. 

Exercises: 1) Prove that sin x, cos x are continuous functions. 

2) Prove the continuity of 1/(1 + zt) and of 4/1 + zè. 

It should now be clear that the (e, 6)-definition of continuity agrees 
with what might be called the observable facts concerning a function. 
As such it is in line with the general principle of modern science that 
sets up as the criterion for the usefulness of a concept or for the “‘scientific 
existence” of a phenomenon the possibility of its observation (at least 
in principle) or of its reduction to observable facts. 


§5. TWO FUNDAMENTAL THEOREMS ON CONTINUOUS 
FUNCTIONS 


1. Bolzano’s Theorem 


Bernard Bolzano (1781-1848), a Catholic priest trained in scholastic 
philosophy, was one of the first to introduce the modern concept of rigor 
into mathematical analysis. His important booklet, Paradozien des 
Unendlichen, appeared in 1850. Here for the first time it was recognized 
that many apparently obvious statements concerning continuous func- 
tions can and must be proved if they are to be used in full generality. 
The following theorem on continuous functions of one variable is an 
example. 

A continuous function of a variable x which is positive for some value of x 
and negative for some other value of x in a closed interval a < x < bof 
continuity must have the value zero for some intermediate value of x. Thus, 
if f(z) is continuous as x varies from a to b, while f(a) < 0 and f(b) > 0, 
then there will exist a value a of z such that a < a < band f(a) = 0. 

Bolzano’s theorem corresponds perfectly with our intuitive idea of a 
continuous curve, which, in order to get from a point below the z-axis 
to a point above, must somewhere cross the axis. That this need not 
be true of discontinuous functions is shown by Figure 157 on page 284. 


*2. Proof of Bolzano’s Theorem 


A rigorous proof of this theorem will be given. (Like Gauss and other great 
mathematicians, one may accept and use the fact without proof.) Our objective 
is to reduce the theorem to fundamental properties of the real number system, 
in particular to the Dedekind-Cantor postulate concerning nested intervals 
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(p. 68). To this end we consider the interval Z,a < z < b, in which the func- 


tion f(z) is defined, and bisect it by marking the mid-point, xı = as If at 


Fig. 172. Bolzano's theorem. 


this mid-point we find that f(z,) = 0, then there remains nothing further to prove. 
If, however, f(x:) = 0, then f(z.) must be either greater than or less than zero. 
In either case one of the halves of J will again have the property that the sign of 
J(z) is different at its two extremes. Let us call this interval Z. We continue 
the process by bisecting J; ; then either f(z) = 0 at the midpoint of I, , or we can 
choose an interval J, , half of Z, , with the property that the sign of f(x) is different 
at its two extremes. Repeating this procedure, either we shall find after a finite 
number of bisections a point for which f(z) = 0, or we shall obtain a sequence of 
nested intervals Z7;,Z1,Z,,++-- In the latter case, the Dedekind-Cantor postu- 
late assures the existence of a point a in J common to all these intervals. We 
assert that f(a) = 0, so that a is the point whose existence proves the theorem. 

So far the assumption of continuity has not been used. It now serves to clinch 
the argument by a bit of indirect reasoning. We shall prove that f(@) = 0 by 
assuming the contrary and deducing a contradiction. Suppose that f(a) Æ 0, 
e.g. that f(a) = 2e > 0. Since f(x) is continuous, we can find a (perhaps very 
small) interval J of length 23 with a as midpoint, such that the value of f(z) 
everywhere in J differs from f(a) by less than e Hence, since f(a) = 2e, we can 
be sure that f(z) > «everywhere in J, so that f(z) > Oin J. But the interval J 
i8 fixed, and if n is sufficiently large the little interval Z, must necessarily fall 
within J, since the sequence 7, shrinks to zero. This yields the contradiction; 
for it follows from the way J, was chosen that the function f(z) has opposite signs 
at the two endpoints of every In , so that f(z) must have negative values some- 
where in J. Thus the absurdity of f(a) > 0 and (in the same way) of f(a) <0 
proves that f(a) = 0. 


3. Weierstrass’ Theorem on Extreme Values 


Another important and intuitively plausible fact about continuous 
functions was formulated by Karl Weierstrass (1815-1897), who, per- 
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haps more than anyone else, was responsible for the modern trend 
towards rigor in mathematical analysis. This theorem states: If a func- 
tion f(x) is continuous in an interval I, a< x < b, including the end- 
points a and b of the interval, then there must exist at least one point 
in I where f(x) attains its largest value M, and another point where f(x) 
attains its least value m. Intuitively speaking, this means that the 
graph of the continuous function u = f(z) must have at least one highest 
and one lowest point. 

It is important to observe that the statement need not be true if the 
function f(x) fails to be continuous at the endpoints of I. For example, 


the function f(z) = = has no largest value in the interval 0 < z < 1, 
although fi ic ann tnu Inno thranehant the interior of this interval. 


although f(x) is continuous throughout 
Nor need a discontinuous function assume a greatest or a least value 
even if it is bounded. For example, consider the very discontinuous 
function f(z) defined by setting 


f(x) = x for irrational z, 
f(z) = 4 for rational z, 


in the interval O < x < 1. This function always takes on values 


between 0 and 1, in fact values as near to 1 and 0 as we may wish, if z 
is chosen as an irrational number sufficiently near to O or 1. But f(z) 
can never be egual to 0 or 1, since for rational x we have f(x) = 3, 
and for irrational x we have f(z) = x. Hence O and 1 are never 
attained. 


* Weierstrass’ theorem can be proved in much the same way as Bolzano’s 
theorem. We divide J into two closed half-intervals I’ and I” and fix our atten- 
tion on J’ as the interval in which the greatest value of f(z) must be sought, 
unless there is a point ain I” such that f(a) exceeds all the values of f(z) in I’; in 
the latter case we select J‘’. Theinterval so selected we call Z,. Now we proceed 
with Z, in the same say as we did with J, obtaining an interval J;,andsoon. This 
process will define a sequence J, , Ia, --- , Jn, «+: of nested intervals all contain- 
ing a point z. We shall prove that the value f(z) = M is the largest attained by 
f(x) in J, i.e. that there cannot be a points in Z for which f(s) > M. Suppose there 
were a point s with f(s) = M + 2e, where e is a (perhaps very small) positive 
number, Around z as center we can, because of the continuity of f(z), mark off 
a small interval KĄ, leaving s outside, and such that in K the values of f(z) differ 
from f(z) = M by less than e, so that we certainly have f(z) < M + ein K. But 
for sufficiently large n the interval J, lies inside K, and J, was so defined that no 
value of f(z) for x outside Is can exceed all the values of f(z) for xin Zn. Since 
s is outside J, and f(s) > M+ «e while in K, and hence in Zs, we have 
f(z) < M + e, we have arrived at a contradiction. 
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The existeuce of a least value m may be proved in the same way, or it follows 
directly from what has already been proved, since the least value of f(x) is the 
greatest value of g(z) = —/f(zx). 

Weierstrass’ theorem can be proved in a similar way for continuous functions 
of two or more variables z, y, +- . Instead of an interval with its endpoints we 
have to consider a closed domain, e.g. a rectangle in the z, y-plane which includes 
its boundary. 

Exercise: Where, in the proofs of Bolzano’a and Weierstrass’ theorems, did 
we use the fact that f(z) was assumed to be defined and continuous in the whole 
closed interval a < x < b and not merely in the intervala <2 < bora <z <b? 


The proofs of Bolzano’s and Weierstrass’ theorems have a decidedly 
non-constructive character. They do not provide a method for actually 
finding the location of a zero or of the greatest or smallest value of a 
function with a prescribed degree of precision in a finite number of steps. 
Only the mere existence, or rather the absurdity of the non-existence, 
of the desired values is proved. This is another important instance 
where the “‘intuitionists’”’ (see p. 86) have raised objections; some have 
even insisted that such theorems be eliminated from mathematics. The 
student of mathematics should take this no more seriously than did 
most of the critics. 


*4. A Theorem on Sequences. Compact Sets 


Let 2, %2, %3,°+- be any infinite sequence of numbers, distinct or 
not, all contained in the closed interval I,a < x < b. The sequence 
may or may not tend to a limit. But in any case, it is always possible 
to extract from such a sequence, by omitting certain of its terms, an infinite 
subsequence, y1, Y2, ya, +++, which tends to some limit y contained in the 
interval I. 

To prove this theurem we divide the interval I into two closed sub- 











intervals I’ and I” by marking the midpoint q ir b of I: 
l: a<r? t b 
I” 1E? <az<cb 


In at least one of these, which we may call Z, , there must lie infinitely 
many terms 2, of the original sequence. Choose any one of these terms, 
say Zn, , and call it yı. Now proceed in the same way with the inter- 
val J;. Since there are infinitely many terms z, in J1, there must be 
infinitely many terms in at least one of the halves of J; , which we may 
all Jz. Hence we can certainly find a term z, in J; for which n > nı. 
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Choose some one of these, and call it yz. Proceeding in this way, we 
can find a sequence J, , Iz , Is, «++ of nested intervals and a subsequence 
Yı , Y2 , Y3 , -++ of the original sequence, such that y, lies in I, for every n. 
This sequence of intervals closes down on a point y of J, and it is clear 
that the sequence yı, Y2, Ya, --- has the limit a, as was to be proved. 


* These considerations are capable of the type of generalization that is typical 
of modern mathematics. Let us consider a variable X ranging over a general set 
S in which some notion of ‘‘distance”’ is defined. S may be a set of points in the 
plane or in space. But this is not necessary; for example, S might be the set of 
all triangles in the plane. If X and Y are two triangles, with vertices A, B, C 
and A’, B’, C’ respectively, then we can define the ‘‘distance’’ between the two 
triangles as the number 


d(X, Y) = AA’ + BB’ + CC’, 


where AA’, etc. denotes the ordinary distance between the points A and A’. 
Whenever there exists such a notion of ‘‘distance”’ in a set S we may definé the 
concept of a sequence of elements Xi, X:, Xs, e tending to a limit element 
X of S. By this we mean that d(X, X,) ~0asn— ©. We shall now say that 
the set S is compact if from any sequence Xi , Xa, Xa , +++ of elements of S we 
can always extract a subsequence which tends to some limit element X of S. We 
have shown in the preceding paragraph that a closed interval a S x S bis compact 
in this sense. Hence the conceptofacompact set may be regarded as a generaliza- 
tion of a closed interval of the number axis. Note that the number axis as a'whole is 
not compact, since the sequence of integers 1, 2, 3, 4, 5, ++- neither tends to a limit 
nor contains any subsequence that does. Nor is an open interval such as 
0 < z < 1, not including its endpoints, compact, since the sequence $, $, 
4, -»» or any subsequence of it tends to the limit 0, which is not a point of 
the open interval, In the same way it may be shown that the region of the plane 
consisting of the points interior to a square or rectangle is not compact, but be- 
comes ‘compact if the boundary points are added. Furthermore, the set of all 
triangles whose vertices lie within or on the circumference of a given circle is 
compact. 

We may also extend the notion of continuity to the case where the variable 
X ranges over any set S in which the notion of limit is defined. The function 
u = F(X), where u is a real number, is said to be continuous at the element X if, 
for any sequence of elements X1, X2, X,, °° which tends to X as limit, the cor- 
responding sequence of numbers F(X,), F(X), +-+» tends to the limit F(X). (An 
equivalent (e, &)-definition could also be given.) It is quite easy to show that 
Weierstrass’ theorem also holds in the general case of a continuous function 
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If u = F(X) is any continuous function defined on a compact set 8, then there 
always exists an element of S for which F(X) attains tis largest value, and also 
one for which tt attains tts smallest value. 

The proof is simple once one has grasped the general concepts involved, but 
we shall not go further into this subject. It will appear in Chapter VII that 
the general theorem of Weierstrass is of great importance in the theory of maxima 
and minima. 
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§6. SOME APPLICATIONS OF BOLZANO’S THEOREM 
1. Geometrical Applications 


Bolzano’s simple yet gencral theorem may be used to prove many 
facts which are not at all obvious at first sight. We begin by proving: 
If A and B are any two areas in the plane, then there exists a straight line 
in the plane which bisects A and B simultaneously. By an “area” we 
mcan any portion of the plane included within a simple closed curve. 

Let us begin by choosing some fixed point P in the plane, and drawing 
from P a directed ray PR from which to measure angles. If we take 
any ray PS which makes an angle z with PR, there will exist a directed 
straight line in the plane bisecting the area A, and with the same direction 
asthe ray PS. For if we take a directed line l, with the direction of PS 
and lying wholly on one side of A and move this line parallel to itself 
until it is in position & (see Fig. 173), wholly on the other side of A, 
then the function whose value is defined to be the arca of A to the right 
of the line (the east direction if the arrow on the line points north) 
minus the area of A to the left of the line will be positive for position l 
and negative for position i. Since this function is continuous, by 
Bolzano’s theorem it must be zero for some intermediate position ls, 
which therefore bisects A. For each value of x from z = 0° tox = 360°, 
the line 7, which bisects A is uniquely defined. 


Fig. 173, Simultaneous bisection of two areas. 


Now let the function y = f(x) be defined as the area of B to the right 
of I, minus the arca of B to the left of l.. Suppose that the line lo 
which bisects A and has the direction of PR has more of B to the right 
than to the left; then for z = 0°, y is positive. Let 2 increase to 180°, 
then the line leo with direction RP which bisects A is the same as lo 
but oppositely directed, with right and left interchanged; hence the 
value of y for x = 180° is the same numerically as for z = 0°, but with 
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opposite sign, and therefore negative. Since y is a continuous function 
of z as l; turns around, there exists some value «æ of x between 0° and 
180° for which y is zero. It follows that the line J, bisects A and B 
simultaneously. This completes the proof. 

Note that although we have proved the existence of a line with the 
desired property, we have given no definite procedure for constructing 
it; this exhibits again the distinguishing feature of mathematical exist- 
ence proofs as compared with constructions. 

A similar problem is the following: Given a single area in the plane, 
it is desired to cut it into four equal pieces by two perpendicular lines. 
In order to prove that this is always possible, we return to our previous 
problem at the stage where we had defined /, for any angle z, but we 
forget about the area B. Instead, we take the line l+% which is per- 
pendicular to I, and which also bisects A. If we number the four pieces 
of A as shown in Figure 174, then we have 


A; + Az = As + Ag 
and 


As + Az = Ai + Aa, 


f? .. 
crt 


ls 


As 


D N 


Ņ. 


Fig. 174. 
from which it follows, on subtracting the second equation from the first, 
that 
A, — Ay= A,- Aj, 
l.e. 
A, = As, 
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and hence 
Ag = Ag. 
Thus if we can show the existence of an angle @ such that for l, 
Aila) = Az(a), 
then our theorem will be proved, since for such an angle all four areas 


will be equal. To do this, we define a function y = f(x) by drawing l, 
and setting 
f(z) = A(z) — A2(z). 

For z = 0°, f(0) = 4Aı(0) — A2(0) may be positive. In that case, for 

= 90°, Aı(90) — A.(90) = A2(0) — As(0) = A2(0) — 4A:(0) will be 
negative. Therefore, since f(x) varies continuously as z increases from 
0° to 90°, there will be some value a between 0° and 90° for which 
f(a) = Ala) — Asx(a) = 0. The lines la and lagoo then divide the area 
into four equal pieces. 

It is interesting to observe that these problems may be generalized 
to three and higher dimensions. In three dimensions the first problem 
becomes: Given three volumes in space, to find a plane which bisects 
all three simultaneously. The proof that this is always possible again 
depends on Bolzano’s theorem. In more than three dimensions the 
theorem is still true but the proof requires more advanced methods. 
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We shall conclude this section by discussing an apparently difficult 
problem in mechanics that is easily answered by an argument based on 
continuity concepts. (This problem was suggested by H. Whitney.) 

Suppose a train travels from station A to station B along a straight 
section of track. The journey need not be of uniform speed or accelera- 
tion. The train may act in any manner, speeding up, slowing down, 
coming to a halt, or even backing up for a while, before reaching B. 
But the exact motion of the train is supposed to be known in advance; 
that is, the function s = f(t) is given, where s is the distance of the train 
from station A, and ¢is the time, measured from the instant of departure. 
On the floor of one of the cars a rod is pivoted so that it may move with- 
out friction either forward or backward until it touches the floor. If it 
does touch the floor, we assume that it remains on the floor henceforth; 
this will be the case if the rod does not bounce. Is it possible to place 
the rod in such a position that, if it is released at the instant when the 
train starts and allowed to move solely under the influence of gravity 
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and the motion of the train, it will not fall to the floor during the entire 
journey from A to B? 


Fig 175. 


It might seem quite unlikely that for any given schedule of motion 
the interplay of gravity and reaction forces will always permit such 
a maintenance of balance under the single condition that the initial posi- 
tion of the rod is suitably ehosen. Yet we state that such a position 
always exists. 

Paradoxical as this assertion might seem at first sight, it can be proved 
easily once one concentrates on its essentially topological character. 
No detailed knowledge of the laws of dynamics is needed; only the 
following simple assumption of a physical nature need be granted: The 
motion of the rod depends continuously on its initial position. Let us 
characterize the initial position of the rod by the initial angle x which it 
makes with the floor, and by y the angle which the rod makes with the 
floor at the end of the journey, when the train reaches the point B. If 
the rod has fallen to the floor we have either y = Oory = r. Fora 
given initial position x the end position y is, according to our assump- 
tion, uniquely determined as a function y = g(x) which is continuous 
and has the values y = 0 for x = O and y = ~ for x = ~ (the latter 
assertion simply expressing that the rod will remain flat on the floor if 
it starts in this position). Now we recall that g(x), as a continuous 
function in the interval 0 < x < ~, assumes all the values between g(0) = 
0 and g(x) = a; consequently, for any such values y, e.g. for the value 
y = 5" there exists a specific value of x such that g(x) = y; in particular, 
there exists an initial position for which the end position of the rod at 
B is perpendicular to the floor. (Note: In this argument it should not 
be forgotten that the motion of the train is fixed once for all.) 

Of course, the reasoning is entirely theoretical. If the journey is of 
long duration or if the train schedule, expressed by s = f(t), is very 
erratic, then the range of initial positions x for which the end position 
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g(x) differs from 0 or r will be exceedingly small, as is known to anyone 
who has tried to balance a needle upright on a plate for an appreciable 
time. Still, our reasoning should be of value even to a practical mind 
inasmuch as it shows how qualitative results in dynamics may be ob- 
tained by simple arguments without technical manipulation. 


Exercises: 1. Using the theorem of page 315, show that the reasoning above 
may be generalized to the case where the journey is of infinite duration. 

2. Generalize to the case where the motion of the train is along any curve in 
the plane and the rod may fall in any direction. (Hint: It is not possible to map 
a circular disk continuously onto its circumference alone by a mapping which 
eaves every point of the circumference fixed (see p. 255)). 

3. Show that the time required for the rod to fall to the floor, if the car is 
stationary and the rod is released at an angle e from the vertical position, tends 
to infinity as e tends to zero. 


SUPPLEMENT TO CHAPTER VI 
MORE EXAMPLES ON LIMITS AND CONTINUITY 


§1. EXAMPLES OF LIMITS 


1. General Remarks 


In many cases the convergence of a sequence a, ean be proved 
by an argument of the following sort. We find two other sequences, ba 
and ca, whose terms have a simpler structure than those of the original 
sequence, and such that 


(1) Un < Gn < Cy 


for every n. Then if we can show that the sequences ba and cn both con- 
verge to the same limit a, it follows that a, also converges to the limit a. 
We shall leave the formal proof of the statement to the reader. 

It is clear that applications of this procedure will involve the u of 
inequalities. It is therefore appropriate to recall a few elementary ru 
which govern arithmetical operations with inequalities. 

1. If a > b, thena + c > b +c (any number may be added to both 
sides of an inequality). 

2. If a > b and the number c is positive, then ac > be (an inequality 
may be multiplied by any positive number). 

3. Ifa < b, then —b < —a (the sense of an inequality is reversed if 
both sides are multiplied by — 1). Thus 2 < 3 but —3 < —2. 

4. If aand b have the same sign, and if a < b, then 1/a > 1/0. 

5. |a+b| < lal + [bl]. 
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If q is a number greater than 1, the seq uence eg will increase beyond 


any bound, as does the sequence 2, 2°, 2°, - rq = = 2. The sequence 
titends to infinity” (sea p, 20.4) The proof in on 
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on the important inequality (proved on p. 15) 


(2) (1 +A) > 1+nh> nh, 
where h is any positive uumber. We set q = 1 + h, where k > 0; then 
= (1+ h)” > nh. 
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If k is any positive number, no matter how large, then for all n > k/h 
it follows that 

g” > nh>k; 
hence g” — ©, 

If q = 1, then the members of the sequence q” are all equal to 1, and 1 
is therefore the limit of the sequence. If g is negative, then gq” will 
alternate between positive and negative values, and will have no limit 
if q < —l1. 

Exercise: Give a rigorous proof of the last statement. 


On page 64 we showed that if —1 <q < 1, then g®’ — 0. We may 
give another and very simple proof of this fact. First we consider the 
case where 0 < q < 1. Then the numbers q, q’, g° --- form a mono- 
tone decreasing sequence bounded below by 0. Hence, according to 
page 295, the sequence must approach a limit: g° — a. Multiplying 
both sides of this relation by q we obtain ¢"** — ag. 

Now q”*! must have the same limit as g”, since the name, n or n + 1, 
of the increasing exponent, does not matter. Hence ag = a, or 
alq — 1) = 0. Since 1 — g = O, this implies that a = 0. 

If q = 0, the statement q — 0 is trivial. If —1 < ¢ < 0, then 
0 < |q| < 1; hence |qg"| = |@¢|" — 0 by the preceding argument 
From this it follows that always g” — 0 for |q | < 1. This complete 
the proof. 

Exercises: Prove that for n 4 ©: 
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2) (xz/1 + x3)" — 0; 
3) (xz1/4 + x?)* tends to infinity for x > 2, to 0 for | z| <2. 


3. The Limit of ~p 


The sequence a, = ~/p, i.e. the sequence p, Vp, Vp, Wp, -+ , has 
the limit 1 for any fixed positive number p: 
(3) VYp—olasn—- oœ. 


(By the symbol ~/p we mean, as always, the positive nth root. For 
negative numbers p there are no real nth roots when n is even.) 

To prove the relation (3), we first suppose that p > 1; then ~/p will 
also be greater than 1. Thus we may set 


Wp =1+h, 
where kh, is a positive quantity depending on n. The inequality (2) 
then shows that 
p = (1 + hy) > nha. 
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On dividing by n we see that 
0< ha < n/n. 


Since the sequences 6, = 0 and c, = p/n both have the limit 0, it 
follows by the argument of Article 1 that h, also has the limit 0 as n 
increases, and our assertion is proved for p > 1. Here we have a 
typical instance where a limiting relation, in this case h, — 0, is recog- 
nized by enclosing h, between two bounds whose limits are more easily 
obtained. 

Incidentally, we have derived an estimate for the difference h, between 
Vp and 1; this difference must always be less than p/n. 

If 0 <p <1, then Vp < 1, and we may set 


1 
Wp 


1+ kh,’ 
where A, is again a positive number depending on n. It follows that 
p = — t < 1 
(1+ hn) ~ nh,’ 
40 that 
O< cL. 
np 


From this we conclude that h, tends to 0 as n increases. Hence, since 
V/p = 1/(1 + ha), it follows that W/p — 1. 

The equalizing effect of nth root extraction, which tends to push 
every positive number towards 1 as n increases, is even strong enough 
to do this in some cases if the radicand does not remain constant. We 
shall prove that the sequence 1, »/2, ~/3, V4, v5, --- tends to 1, 


i.e. that 

Vn 
as n increases. By a little device this can again be shown to follow from 
the inequality (2). Instead of the nth root of n, we take the nth root 
of y/n. If we set V/a = 1 + ka, where kn is a positive number 
depending on n, then the inequality yields y/n = (1 + kn)” > nk,, 


so that 
/n 


kn < — 
n 


S|- 


Hence 


1< 4n = (+b) = 1+ Meth <1 H. 


n 
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The right side of this inequality tends to 1 as n increases, so that ~/n 
must also tend to 1. 


4. Discontinuous Functions as Limits of Continuous Functions 


We may consider limits of sequences a, when a, is not a fixed number 
but depends on a variable x: a, = f,(z). If this sequence converges 
as n — œ, then the limit is again a function of z, 


f(x) = lim f,(z). 
Such representations of functions f(z) as limits of others are often 
useful in reducing ‘‘higher’’ functions f(z) to elementary functions f,(z). 
This is true in particular of the representation of discontinuous func- 
tions by explicit formulas. For example, let us consider the sequence 


f(x) = E + ae For |x| = 1 we have z?” = 1 and hence f,(x) = 1/2 


for every n, so that f,(z) 1/2. For|z| < 1 we havez*” —»0, and hence 
fn(z) — 1, while for |z| > 1 we have zê” —» œ, and hence f,(z) — 0. 
Summarizing: 


(1 for|z| <1, 
= 41/2 for | 2 | = 
W0 for|a|> 1. 


Here the discontinuous function f(x) is represented as the limit of a 
sequence of continuous rational functions. 

Another interesting example of a similar character is given by the 
sequence 


f(x) = lim ——— i = 


x 2 2 
x x 
n= r + — — +t e + —.» 
fala) tite (1 + 2°)’ (1+ 2°)" 
Forz = 0 all the values f,,(z) are zero, and therefore f(0) = lim f,(0) = 
For z = 0 the expression 1/(1 + 2°) = ç is positive and less than 1; 
our results on geometrical series guarantee the convergence of f,(z) 
for n— ©. The limit, i.e. the sum of the infinite geometrical series, is 


2 
v= —— , which is equal to 1 + z”. Thus we see that 








1+ r 
fn(z) tends to the function f(z) = 1 + 2’ for z = 0, and to f(z) = 
for r = 0. This function has a. removable discontinuity at z = 0. 
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*5. Limits by Iteration 


Often the terms of a sequence are such that day: is obtained from a, 
by the same procedure as a, from anı ; the same process, indefinitely 
repeated, produces the whole sequence from a given initial term. In 
such cases we speak of a process of “iteration.” 

For example, the sequence 


1VI4Fi1, VIF V2, VIF VIF V2, 


has such a law of formation; each term after the first is formed by taking 
the square root of 1 plus its predecessor. Thus the formula 


a= l, an= Vita 
defines the whole sequence. Let us find its limit, Obviously a, is 
greater than 1 for n > 1. Furthermore a, is a monotone increasing 
sequence, for 


any: — an = (1 + an) — (1 + Gat) = An — Gn. 
Hence whenever a, > an-ı it will follow that a,4, > an. But we know 
that a. — a = ~/2 — 1 > 0, from which we conclude by mathematical 
induction that a,4: > a, for all n, i.e. that the sequence is monotone 


increasing. Moreover it is bounded; for by the previous results we 
have 
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< 2, 


By the principle of monotone sequences we conclude that for n — œ 
a, —> a, where a is some number between 1 and 2. We easily see that a 
is the positive root of the quadratic equation zê = 1+ x. Forasn—» œ 
the equation a),4, = 1 + a, becomes a” = 1 +a. Solving this equation, 


1+ v5 
s 


quadratic equation by an iteration process which gives the value of the 
root with any degree of approximation if we continue long enough. 

We can solve many other algebraic equations by iteration in a similar 
way. For example, we may write the cubic equation zë — 32 + 1=0 
in the form 


we find that the positive root isa = Thus we may solve this 


a 1 
3- r 
We now choose any value for a , say a; = 0, and define 
1 
an4l = 





2? 
3 — ay 
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obtaining the sequence a; = 1/3 = .3333 --- , as = 9/26 = .3461.--, 
aı = 676/1947 = .3472 --. , etc. It may be shown that the sequence 
a, obtained in this way converges to a limit a = .3473 --- which is a 
solution of the given cubic equation. Iteration processes such as thir 
are highly important both in pure mathematics, where they yield ‘‘ex: 
istence proofs,” and in applied mathematics, where they provide ap- 
proximation methods for the solution of many types of problems. 


Exercises on limits. Forn— œ: 
1) Prove that +/n +1 — Vn > 0. 


(Hint: write the difference in the form 


VRELE atl + Va) 
n+tic¢t~/n 
2) Find the limit of Vm + a — Vm Fb. 
3) Find the limit of 4/n? + an +b — n. 
l 

Vatltvn 

5) Prove that the limit of </n + 1 is 1. 

6) What is the limit of Yar + b* if a > b > 0? 

7) What is the limit of Var + b + chifa > b> c > 0? 

8) What is the limit of ¥/a%b> + arer” + be if a > b > c > 0? 

9) We shall see later (p. 449) that e = lim (1 + 1/n). What then is 
lim (1 + 1/m?)9? 


4) Find the limit of 





§2. EXAMPLE ON CONTINUITY 


To give a precise proof of the continuity of a function requires the 
explicit verification of the definition of page 310. Sometimes this is a 
lengthy procedure, and therefore it is fortunate that, as we shall see in 
Chapter VIII, continuity is a consequence of differentiability. Since 
the latter will be established systematically for all elementary functions, 
we may follow the usual course of omitting tedious individual proofs of 
continuity. But as a further illustration of the general definition we 


1 
i+ 2 . We 
may restrict x to a fixed interval |x| < M, where M is an arbitrarily 


selected number. Writing 


shall analyze one further example, the function f(z) = 





O 1l _ 1 
fa) — Ja) = pyg 1+2 
t — a (æ — xy) (x + 2) 
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we find for |x| < M and |x| < 
|f) — Jæ) | < ajata] < |z — 2 |-2M. 


Hence it is clear that the difference on the left side will be smaller than any 
€ 

2M ` 

Tt chauld he noted that Wwe are hoine quite cenerniy 
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positive number e if only | z} — z | < 6 = 


ô would suffice, 


CHAPTER VII 
MAXIMA AND MINIMA 


INTRODUCTION 


A straight segment is the shortest connection between its endpoints. 
An arc of a great circle is the shortest curve joining two points on a 
sphere. Among all closed plane curves of the same length the circle 
encloses the largest area, and among all closed surfaces of the same 
area the sphere encloses the largest volume. 

Maximum and minimum properties of this type were known to the 
Greeks, even though the results were often stated without a real at- 
tempt at a proof. One of the most significant Greek discoveries is 
ascribed to Heron, the Alexandrian scientist of the first century A.D. 
It had long been known that a light ray from a point P meeting a plane 
mirror L in a point F is reflected in the direction of a point Q such that 
PR and QR form equal angles with the mirror. Heron found that if R’ 
is any other point on the mirror, then the total distance PR’ + R'Q 
is larger than the distance PR + RQ. This theorem, which we shall 
prove presently, characterizes the actual path of light PRQ between P 
and Q as the shortest possible path from P to Q by way of the mirror— 
a discovery that can be considered the germ of the theory of geometrical 
optics. 

It is only natural that mathematicians should be interested in ques- 
tions of this sort. In daily life problems of maxima and minima, of the 
“best” and the “worst,” arise constantly. Many problems of practical 
importance present themselves in this form. For example, how should 
a boat be shaped so as to have the least possible resistance in water? 
What cylindrical container made from a given amount of material has 
a maximum volume? 

Starting in the seventeenth century, the general theory of extreme 
values—maxima and minima—has become one of the systematic inte- 
grating principles of science. Fermat’s first steps in his differential 
calculus were prompted by the desire to study questions of maxima and 
minima by general methods. In the century that followed, the scope 
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of these methods was greatly widened by the invention of the “calculus 
of variations.” It became increasingly apparent that the physical laws 
of nature are most adequately expressed in terms of a minimum principle 
that provides a natural access to a more or less complete solution of 
particular problems. One of the most remarkable achievements of 
contemporary mathematics is the theory of stationary values—an 
extension of the notion of extreme values which combines analysis and 
topology. Qur approach to the whole subject will be quite elementary. 


§1. PROBLEMS IN ELEMENTARY GEOMETRY 


1. Maximum Area of a Triangle with Two Sides Given 


Given two segments a and b; required to find the triangle of maximum 
area having a and b as sides. The solution is simply the right triangle 
whose two legs are a and b. For consider any triangle with a and ù as 

sides, as in Figure 176. If h is the altitude 
on the base a, then the area of the triangle is 
b A = jah. Now ah is clearly a maximum 
when h is largest, and this occurs when A 
z coincides with b; that is, for a right triangle. 
Fig. 176. Hence the maximum area is łab. 


2. Heron’s Theorem. Extremum Property of Light Rays 


Given a line Z and two points P and Q on the same side of L. For 
what point # on L is PR + RQ the shortest path from P to L to Q? 
This is Heron’s problem of the light ray. (If L were the bank of a 
stream, and someone had to go from P to Q as fast as possible, fetching 
a pail of water from Z on the way, then he would have to solve just this 
problem.) To find the solution, we reflect P in L as in a mirror, ob- 
taining the point P’ such that L is the perpendicular bisector of PP’. 
The line P’Q intersects L in the required point R. It is simple to prove 
that Pit + RQ is smaller than PR’ + R'Q for any other point R’ on L. 
For PR = P'R and PR’ = P'R'; hence, PR + RQ = P'R + RQ = P'Q 
and Pt’ + R'Q = P’R’ + R'Q. But P’R’ + R'Q is greater than P'Q 
(since the sum of any two sides of a triangle is greater than the third 
side), hence PR’ + R'Q is greater than PR + RQ, which was to 
be proved. In what follows we assume that neither P nor Q lies on L. 

igure 177 we see that 43 = X42, and X2 = X1, so that 
41 = 43. In other words, R čis the point such that PR and QR make 
equal angles with L. From this it follows that a liglit ray reflected in 
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L (which is known from experiment to make equal angles of incidence 
and reflection) actually takes the shortest path from P to L to Q, as 
stated above in the introduction. 





Y 
AA 
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Fig. 177. Heron's theorem. 


The problem can be generalized to include several lines L, M, --- 
For example, consider the case where we have two lines L, M and two 
points P, Q situated as in Figure 178, with the problem of finding the 
path of minimum length from P to L, then to M, then to Q. Let Q’ 
be the reflection of Q in M and Q” the reflection of Q’ in L. Draw 





M 


Fig. 178. Reflection in two mirrors. 


PQ” intersecting L in R and RQ’ intersecting M in S; then R and S 
are the required points such that PR + RS + SQ is the path of minimum 
length from F to L to M to Q. The proof of this fact is very similar 
to that of the previous problem, and is left as an exercise for the reader. 
If L and M were mirrors, a light ray from P, reflected from L to M, 


tha 
and there reflected to Q, would meet L at R and M at S; hence the 


light ray would again take the path of shortest length. 
One might ask for the shortest path first from P to M, then to L, 


332 MAXIMA AND MINIMA [VII] 


and from there to Q. This would give a path PRSQ (see Fig. 179) 
determined in a manner similar to the previous path PRSQ. The length 
of the first path may be greater than, equal to, or less than that of the 
second. 





Fig. 179. 


* Exercise: Show that the first path is smaller than the second if O and R lie 
on the same side of the line PQ. When will the two paths be of equal length? 


3. Applications to Problems on Triangles 


With the help of Heron’s theorem solutions to the following two 
problems are easily obtained. 

a) Given the area A and one side c = PQ of a triangle; among all 
such triangles to determine the one for which the sum of the other sides 
a and bis smallest. Prescribing the side c and the area A of a triangle 
is equivalent to prescribing the side c and the altitude h on c, since 
A = the. Referring to Figure 180, the problem is therefore to find a 





Fig. 180. Triangle of minimum perimeter with given base and area. 


point R such that the distance from Kè to the line PQ is equal to the 
given A, and such that the sum a + 0 is a minimum. From the first 
condition it follows that R must lie on the line parallel to PQ at a dis- 
tance h. The answer is given by Heron’s theorem for the special case 
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where P and Q are equally distant from L: the required triangle PRQ 
is isosceles. 

b) In a triangle let one side c and the sum a + b of the two other 
sides be given; to find among all such triangles the one with the largest 
area. This is just the converse of problem a). The solution is again 
the isosceles triangle for which a = b. As we have just shown, this 
triangle has the minimum value of a + b for its area; that is, any 
other triangle with the base c and the same area has a greater value 
of a + b. Moreover, it is clear from a) that any triangle with base c 
and an area greater than that of the isosceles triangle also has a greater 
value of a+b. Hence any other triangle with the same values of a + b 
and of c must have a smaller area, so that the isosceles triangle provides 
the maximum area for given c and a + b. 


4. Tangent Properties of Ellipse and Hyperbola. Corresponding 
Extremum Properties 


The problem of Heron is connected with some important geometrical 
theorems. We have proved that if R is the point on L such that 
PR + RQ is a minimum, then PR and RQ make equal angles with L., 
This minimum total distance we shall call 2a. Let p and g denote the 
distances from any point in the plane to P and @ respectively, and con- 
sider the locus of all points in the plane for which p + g = 2a. This 
locus is an ellipse, with P and Q as foci, that passes through the point 
R on the lne L. Moreover, L must be tangent to the ellipse at R. If 
L intersected the ellipse at a point other than R, there would be a 


L 





Fig. 181. Tangent property of ellipse. 


segment of L lying inside the ellipse; for each point of this segment 
p + 9 would be less than 2a, since it is easily seen that p + q is less 
than 2a inside the ellipse and greater than 2a outside. Since we know 
that p + 9 = 2a on L, this is impossible. Hence L must be tangent 
to the ellipse at E. But we know that PR and RQ make equal angles 
with L; hence we have incidentally proved the important theorem: A 
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tangent to an ellipse makes equal angles with the lines joining the foci 
to the point of tangency. 

Closely related to the foregoing discussion is the following problem: 
Given a straight line L and two points P and Q on opposite sides of L 
(see Fig. 182), to find a point # on L such tnat the quantity |p — q|, 
that is, the absolute value of the difference of the distances from P and 
Q to R, is a mazimum. (We shall assume that L is not the perpendicular 
bisector of PQ; for then p — g would be zero for every point R on L 
and the problem would be meaningless.) To solve this problem, we 
first reflect P in L, obtaining the point P’ on the same side of L as Q. 
For any point #’ on L, we have p = R'P = R'P'’',q = R'Q. Since R’, 
a, and P can be regarded as the vertices of a triangle, the quantity 
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between two sides of a triangle is never greater than the third side. If 
R’, P’, and Q all lie on a straight line, | p — q | will be egual to P’Q, 
as is seen from the figure. Therefore the desired point R is the inter- 
section of L with the line through P’ and Q. As in the previous case, 
it is easily scen that the angles which RP and RQ make with L are 
equal, since the triangles RPR’ and RP’R’ are congruent. 

This problem is connected with a tangent property of the hyperbola, 
just as the preceding one was connected with the ellipse. If the maxi- 
muin difference | PR — QR | has the value 2a, we can consider the locus 
of all points in the plane for which p — g has the absolute value 2a. 
This is a hyperbola with P and Q as its foci and passing through the 
point £. As is easily shown, the absolute value of p — çq is less than 
2a in the region between two branches of the hyperbola, and greater 
than 2a on that side of each branch where the corresponding focus lies. 
It follows, by essentially the same argument as for the ellipse, that J. 
must be tangent to the hyperbola at R. Which of the two branches is 
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touched by L depends on whether P or Q is nearer to L; if P is nearer, 
the branch surrounding P will touch L, and likewise for Q (see Fig. 183) 


D 
™ 


Pi N 
Fig. 183, Tangent property of byperbola, 


If P and Q are equidistant from L, then L will touch neither branch of 
the hyperbola, but will, instead, be one of the curve’s asymptotes. 
This result becomes plausible when one observes that for this case the 
preceding construction will yield no -{finite) point R, since the line 
P’Q will be parallel to L. 

In the same way as before this argument proves the well known 
theorem: A tangent to a hyperbola at any point bisects the angle sub- 
tended at that point by the foci of the hyperbola. 

It may seem strange that if P and Q are on the same side of L we 
have a minimum problem to solve, while if they are on opposite sides of 
L we considered a maxunum problein. That this is natural can be seen 
at once. In the first problem, each of the distances p, g, and therefore 
their sum, becomes larger without bound as we proceed along L in- 
definitely in either direction. Hence it would be impossible to find a 
maximum value for p + q, and a minimum problem is the only possi- 
bility. It is quite different in the second case, where P and Q lie on dif- 
ferent sides of L. Here, to avoid confusion, we have to distinguish 
between the difference p — g, its negative g — p, and the absolute value 
|p — q |; it is the latter which was made a maximum. The situation 
is best understood if we let the point # move along the line L through 
different positions, fı, Rz, Ra, ---. There is one point for which 
the difference p — g is zero: the intersection of the perpendicular 
bisector of PQ with L. This point therefore gives a minimum for the 
absolute value | p — Q |. Buton oneside of this point p is greater than 
g, and on the other, less; hence the quantity p — g is positive on one 
side of the point and negative on the other. Consequently p — @¢ 
itself is neither a maximum nor a minimum at the point for which 
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|p — o| = 0. However, the point making | p — q | a maximum is 
actually an extremum of p — g. If p > gq, we have a maximum for 
p — g;if¢ > p, a maximum for g — p and hence a minimum for p — gq. 
Whether a maximum or a minimum for p — gq is obtainable is deter- 
mined by the position of the two given points P, Q relative to the 
line L. 

We have seen that no solution of the maximum problem exists if P 


and Q are equidistant from L, since then the line P’Q in Figure 182 


is parallel to L. This corresponds to the fact that the nuantitv | p— g | 
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tends to a limit as R tends to infinity along L in either direction. This 
limiting value is equal to the length of the perpendicular projection s 
of PQ on L (the reader may prove this as an exercise). If P and Q 
have the same distance from L, then | p — q | will always be less than 
this limit and no maximum exists, since to each point # we can find 
another farther out for which | p — q | is larger, but still not quite equal 
to s. 


*5. Extreme Distances to a Given Curve 
First we shall determine the shortest and the tangen distance from a 


point P toa given curve C. For simplicity we shall suppose that Cis a 
simple closed curve with a tangent everywhere, as in Figure 184. (The 
concept of tangent to a curve is here accepted on an intuitive basis 


that will be analyzed in the next chapter.) The answer is very simple: 





Fig. 184. Extreme distances to a curve. 


A point # on C for which the distance PR has its smallest or its largest 
value must be such that the line PR is perpendicular to the tangent to 
C at R; in other words, PR is perpendicular to C. The proof is as 
follows: the circle with center at P and passing through R must be 
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tangent to the curve. For if R is the point of minimum distance, C 
must lie entirely outside the circle, and therefore cannot cross it at R, 
while if R is the point of maximum distance, C must lie entirely inside 
the circle, and again cannotcrossitat R. (This follows from the obvious 
fact that the distance from any point to P is less than RP if the point 
lies inside the circle, and greater than RP if the point lies outside the 
circle.) Hence the circle and the curve C will touch and havea common 


tangent at R. Now the line PR being a radina of the circle. is ner. 


tangent at R the PR, being a radius of the circle, is per 
pendicular to the tangent to the circle at ER, and therefore perpendicular 
to C at R. 

Incidentally, the diameter of such a closed curve C, that is, its longest 
chord, must be perpendicular to C at both endpoints. The proof is 
left as an exercise for the reader. A similar statement should be 
formulated and proved in three dimensions. 


Exercise: Prove that the shortest and longest segments connecting two non- 
intersecting closed curves are perpendicular to the curves at their endpoints. 


The problems in Article 4 concerning the sum or difference of dis- 
tances can now be generalized. Consider, instead of a straight line L, 
a simple closed curve C with a tangent at every point, and two points, 
P and Q, not on C. We wish to characterize the points on C for which 
the sum, p + q, and the difference, p — q, take on their extreme values, 
where p and q denote the distances from any point on C to P and Q 
respectively. No use can be made of the simple construction of reflec- 
tion with which we solved the problems for the case where C is a straight 
line. But we may use the properties of the ellipse and hyperbola to 
solve the present problems. Since C is a closed curve and no longer a 
line extending to infinity, both the minimum and maximum problems 
make sense here, for it may be taken as granted that the quantities 
p +qandp — q have greatest and least values on any finite segment of a 
curve, in particular on a closed curve (see §7). 

For the case of the sum, p + q, suppose R is the point on C for which 
p + q isa maximum, and let 2a denote the value of p + qat R. Con- 
sider the ellipse with foci at P and Q that is the locus of all points for 
which p + q = 2a. This ellipse must be tangent to C at R (the proof 
is left as an exercise for the reader). But we have seen that the lines 
PR and QR make equal angles with the ellipse at R; since the ellipse is 
tangent to C at R, the lines PR and QR must also make equal angles 
withCatR. Ifp + qisa minimum for R, we see in the same way that 
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PR and QR make equal angles with C at R. Thus we have the theorem: 
Given a closed curve C and two points P and Q on the same side of C: 
then at a point R of C where the sum p + q takes on its greatest or 
least value on C, the lines PR and QR make equal angles with the curve 
C (i.e. with its tangent) at R. 

If P is inside C and Q outside, this the hol the greatest 
value of p + q, but fails for the least v alue. si since se the ellipse degenerates 
into a straight line. 





Fig. 185. Greatest and least values of Fig. 186. Least value of PR -= QR. 
PR + QR. 
By an entirely analogous procedu ire making use of properties of the 
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hyperbola instead of the ellipse, the reader may prove the followin 
theorem: Given a closed curve C and two points P and Q, on different 
sides of C; then at a point R of C where p — q takes on its greatest or 
least value on C, the lines PR and QR make equal angles withC. Again 
we emphasize that the problem for a closed curve C differs from that 
for an infinite line inasmuch as in the latter problem the maximum of 
the absolute value |p — q | was sought while now a maximum (as well 
as a minimum) of p — q exits. 


*§2, A GENERAL PRINCIPLE UNDERLYING EXTREME 
VALUE PROBLEMS 


1. The Principle 


The preceding problems are examples of a general question which is 
best formulated in analytic language. If, in the problem of finding the 
extreme values of p + q, we denote by z, y the codrdinates of the point 
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R, by x , yı the coérdinates of the fixed point P, and by 22 , y: those of Q. 
then 

p= Viz- +y- yw 45 Va- a + lU- u, 
and the problem is to find the extreme values of the function 

Jey = ptg. 

This function is continuous everywhere in the plane, but the point with 
the coördinates r, y is restricted to the given curve C. This curve will 
be defined by an equation g(z, y) = 0; eg. 2’ + y — 1 = O it it is 
the unit circle. Our problem then is to find the extreme values of 
f(z, y) when z and y are restricted by the condition that. g(x, y) = 0, 
and we shall consider this general type of problem. 

To characterize the solutions, we consider the family of curves with 
the equations f(z, y) = c; that is, the curves given by equations of this 
form, where the constant c may have any value, the same for all points 
of any one curve of the family. Let us assume that one and only one 
curve of the family f(z, y) = c passes through each point of the plane, 
at least if we restrict ourselves to the vicinity of the curve C. Then as 
c changes, the curve f(z, y) = c will sweep out a part of the plane, and 
no point in this part will be touched twice in the sweeping process. 
(The curves x’ — yf = c, z + y = c, and z = care such families.) In 
particular, one curve of the family will pass through the point R, , where 
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Fig. 187. Extremas of a function on a curve, 


f(z, y) takes on its greatest value on C, and another one through the 
point R; where f(x, y) takes on its least value. Let us call the greatest 
value a and the least value b. On one side of the curve f(z, y) = athe 
value of f(x, y) will be less than a. and on the other side greater than a. 
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Since f(z, y) < a on C, C must lie entirely on one side of the curve 
f(x, y) = a; hence it must be tangent to that curve at R,. Similarly, 
C must be tangent to the curve f(z, y) = bat R.. We thus have the 
general theorem: Jf at a point R on a curve C a function f(x, y) has an 
extreme value a, the curve f(x, y) = ats tangent to C at R. 


2. Examples 


The results of the preceding section are easily seen to be special cases 
of this general theorem. If p + q is to have an extreme value, the 
function f(z, y) is p + q, and the curves f(z, y) = c are the confocal 
ellipses with foci P and Q. As predicted by the general theorem, the 
ellipses passing through the points on C where f(z, y) takes on its ex- 
treme values were seen to be tangent to C at these points. In the case 
where the extrema of p — q are sought, the function f(z, y) is p — q, 
the curves f(z, y) = c are the confocal hyperbolas with P and Q as their 
foci, and the hyperbolas passing through the points of extreme value 
of f(z, y) were seen to be tangent to C. 


5 | 
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Fig. 18%, Confocal ellipses, Fig. 189. Confocal hyperbolas, 


Another example is the following: Given a line segment PQ and a 
straight line Z not intersecting the line segment. At what point of L 
will PQ subtend the greatest angle? 

The function to be maximized here is the angle @ subtended by PQ 
from points on L. The angle subtended by PQ from any point R in 
the plane is a function 0 = f(z, y) of the coordinates of R. From 
elementary geometry we know that the family of curves 0 = f(z, y) = c¢ 
is the family of circles through P and Q, since a chord of a circle sub- 
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tends the same angle at all points of the circumference on the same side 
of the chord. As is seen from Figure 190, two of these circles will, in gen- 





Fig. 190. Point on L from which segment PQ appears largest. 


eral, be tangent to L, with centers on opposite sides of PQ. One of the 
points of tangency gives the absolute maximum for 8, while the other 
point yields a ‘relative’ ' maximum (that is, the value of 6 will be less 
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greater of the two maxima, the absolute maximum, is given by that 
point of tangency which lies in the acute angle formed by the extension 
of PQ and L, and the smaller one by the point which lies in the obtuse 
angle formed by these two lines. (The point where the extension of the 
segment PQ intersects L gives the minimum value of 8, zero.) 

As a generalization of this problem we may replace L by a curve C 
and seek the point R on C at which a given line segment PQ (not inter- 
secting C) subtends the greatest or least angle. Here again, the circle 
through P, Q, and £ must be tangent to C at R. 


§3. STATIONARY POINTS AND THE DIFFERENTIAL 
CALCULUS 


1. Extrema and Stationary Points 


In the preceding arguments the technique of the differential calculus 
was not used. As a matter of fact, our elementary methods are far 
more simple and direct than those of the calculus. Asa rule in scientific 
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thinking it is better to consider the individual features of a problem 
rather than to rely exclusively on general methods, although individual 
efforts should always be guided by a principle that clarifies the meaning 
of the special procedures used. This is indeed the réle of the differential 
calculus in extremum problems. The modern search for generality 
represents only one side of the case, for the vitality of mathematics 
depends most decidedly on the individual color of problems and methods. 

In its historic development, the differential calculus was strongly in- 
fluenced by individual maximum and minimum problems. The con- 
nection between extrema and the differential calculus arises as follows. 
In Chapter VIII we shall make a detailed study of the derivative f’(z) 
of a function f(z) and of its geometrical meaning. In brief, the deriva- 
tive f'(x) is the slope of the tangent to the curve y = f(z) at the point 
(z, y). It is geometrically evident that at a maximum or minimum of 
a smooth curve y = f(z) the tangent to the curve must be horizontal, 
that is, its slope must be equal to zero. Thus we have the condition 
f'(z) = 0 for the extreme values of f(z). 

To see what the vanishing of f'(x) means, let us examine the curve 
of Figure 191. There are five points, A, B, C, D, E, at which the tangent 





Fig. 191. Stationary pointa of a function. 


to this curve is horizontal; let the values of f(z) at these points be a, b, 
c, d, e respectively. The maximum of f(z) in the interval pictured is at 
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D, the minimum at A. The point B also represents a maximum, in 
the sense that for all other points in the immediate neighborhood of B, 
f(z) is less than b, although f(z) is greater than b for points close to D. 
For this reason we call B a relative maximum of f(z), while D is the 
absolute maximum. Similarly, C represents a relative minimum and A 
the absolute minimum. Finally, at Æ, f(z) has neither a maximum nor 
a minimum, even though f’(z) = 0. From this it follows that the 
vanishing of f'(x) is a necessary, but not a sufficient condition for the 
occurrence of an extremum of a smooth function f(z); in other words, 
at any extremum, relative or absolute, f’(z) = 0, but not every point 
at which f’(z) = 0 need be an extremum, A point where the derivative 
vanishes, whether it is an extremum or not, is called a stationary point. 
By a more refined analysis, it is possible to arrive at more or less com- 
plicated conditions on the higher derivatives of f(z) which completely 
characterize the maxima, minima, and other stationary points. 


2. Maxima and Minima of Functions of Several Variables. Saddle 
Points 

There are problems of maxima and minima that cannot be ex- 
pressed in terms of a function f(z) of one variable. The simplest such 
case is that of finding the extreme values of a function z = f(z, y) of 
two variables. 

We can represent f(z, y) by the height z of a surface above the z, y- 
plane, which we may interpret, say, as a mountain landscape. A 
maximum of f(z, y) corresponds to a mountain top; a minimum, to the 
bottom of a depression or of a lake. In both cases, if the surface is 
smooth the tangent plane to the surface will be horizontal. But there 
are other points besides summits and the bottoms of valleys for which 
the tangent plane is horizontal; these are the points given by mountain 
passes. Let us examine these points in more detail. Consider as in 





Fig, 192. A mountain pass. Fig. 193 The corresponding contour map. 


Figure 192 two mountains A and B on a range and two points C and D 
on different sides of the mountain range, and suppose that we wish to 
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go from C to D. Let us first consider only the paths leading from C to D 
obtained by cutting the surface with some plane through C and D. 
Each such path will have a highest point. By changing the position of 
the plane, we change the path, and there will be one path CD for which 
the altitude of that highest point is least. The point E of maximum 
altitude on this path is a mountain pass, called in mathematical 
language a saddle point. It is clear that Æ is neither a maximum nor a 
minimum, since we can find points as near EF as we please which are 
higher and lower than #. Instead of confining ourselves to paths that 
lie in a plane, we might just as well consider paths without this restric- 
tion. The characterization of the saddle point # remains the same. 

Similarly, if we want to proceed from the peak A to the peak B, any 
particular path will have a lowest point; if again we consider only plane 
sections, there will be one path AB for which this lowest point is highest, 
and the minimum for this path is again at the point Æ found above. 
This saddle point # thus has the property of being a highest minimum 
or a lowest maximum; that is, a mazi-minimum or a mini-mazimum. 
The tangent plane at E is horizontal; for, since Æ is the minimum point 
of AB, the tangent line to AB at E must be horizontal, and similarly, 
since £ is the maximum point of CD, the tangent line to CD at E must 
be horizontal. The tangent plane, which is the plane determined by 
these lines, is therefore also horizontal. Thus we find three different 
types of points with horizontal tangent planes: maxima, minima, and 
saddle points; corresponding to these we have different types of station- 
ary values of f(z, y). 

Another way of representing a function f(z, y) is by drawing contour 
lines, such as those used in maps for representing altitudes (see p. 286). 
A contour line is a curve in the z, y-plane along which the function 
f(x, y) has a constant value; thus the contour lines are identical with the 
curves of the family f(z, y) = c. Through an ordinary point of the 
plane there passes exactly one contour line; a maximum or minimum 
is surrounded by closed contour lines; while at a saddle point several 
contour lines cross. In Figure 193 contour lines are drawn for the 
landscape of Figure 192, and the maximum-minimum property of E is 
evident: Any path connecting A and B and not going through E has 
to go through a region where f(z, y) < f(E), while the path AEB of 
Figure 192 has a minimum at E. In the same way we see that the value 
of f(z, y) at E is the smallest maximum for paths connecting C and D. 


MINIMAX POINTS AND TOPOLOGY 345 


3. Minimax Points and Topology 


There is an intimate connection between the general theory of sta- 
tionary points and the concepts of topology. Here we can give only a 
brief indication of these ideas in connection with a simple example. 

Let us consider the mountain landscape on a ring-shaped island B 
with the two boundaries C and C’. If again we represent the altitude 
above sea-level by u = f(z, y), with f(z, y) = 0 on C and C and 
f(z, y) > 0 in the interior of B, then there must exist at least one moun- 
tain pass on the island, shown in Figure 194 by the point where the 
contour lines cross. Intuitively, this can be seen if one tries to go from 





7 
Fig. 194. Stationary pointa in a doubly connected region. 


C to C’ in such a way that one’s path does not rise higher than necessary. 
Each path from C to C’ must possess a highest point, and if we select 
that path whose highest point is as low as possible, then the highest 
point of this path is a saddle point of u = f(z, y). (There is a trivial 
exception when a horizontal plane is tangent to the mountain crest all 
around the ring.) For a domain bounded by p curves there must exist, 
in general, at least p — 1 stationary points of minimax type. Similar 
relations have been discovered by Marston Morse to hold in higher 
dimensions, where there is a greater variety of topological possibilities 
and of types of stationary points. These relations form the basis of the 
modern theory of stationary points. 


4. The Distance from a Point to a Surface 
For the distance between a point P and a closed curve there are (at 
least) two stationary values, a minimum and a maximum. Nothing 
new occurs if we try to extend this result to three dimensions, so long 


as we consider a surface C topologically equivalent to a sphere, e.g. an 
ellipsoid. But new phenomena appear if the surface is of higher genus, 
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e.g. a torus. There is still a shortest and a longest distance from P to 
a torus C, both segments being perpendicular to C. In addition we 
find extrema of different types representing maxima of minima or minima 
of maxima. To find them, we draw on the torus a closed “meridian” 
circle L, as in Figure 195, and we seek on L the point Q nearest to P. 
Then we try to move L so that the distance PQ becomes: a) a minimum. 
This Q is simply the point on Ç nearest to P. b) a maximum. This 
yields another stationary point. We could just as well seek on Ł the 
point farthest from P, and then find Z such that this maximum distance 
is: c) a maximum, which will be attained at the point on C farthest 
from P. d) a minimum. Thus we obtain four different stationary 
values of the distance. 





Fig. 196 


* Ezercise: Repeat the reasoning with the other type L’ of closed curve on C 
that cannot be contracted to a point, as in Figure 196. 


§4. SCHWARZ’S TRIANGLE PROBLEM 


1. Schwarz’s Proof 


Hermann Amandus Schwarz (1843-1921) was a distinguished mathe- 
matician of the University of Berlin and one of the great contributors 
to modern function theory and analysis. He did not disdain to write 
on elementary subjects, and one of his papers treats the following 
problem: Given an acute-angled triangle, to inscribe in it another 
triangle with the least possible perimeter. (By an inscribed triangle 
we mean one with a vertex on each side of the original triangle.) We 
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shall see that there is txactly one such triangle, and that its vertices 
are the foot-points of the altitudes of the given triangle. We shall call 
this triangle the altitude triangle. 
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Schwarz proved the minimum property of the altitude triangle by 
the method of reflection, with the help of the following theorem of 
elementary geometry (see Fig. 197): At each vertex, P, Q, R, the two 
sides of the altitude triangle make equal angles with the side of the orig- 
inal triangle; this angle is equal to the angle at the opposite vertex of 
the original triangle. For example, the angles ARQ and BRP are both 
equal to angle C, etc. 

To prove this preliminary theorem, we note that OPBR is a quad- 
rilateral that can be inscribed in a circle, since X OPB and XORB are 
right angles. Consequently, X% PBO = X% PRO, since they subtend the 
same arc PO in the circumscribed circle. Now 4 PBO is complementary 
to XC, since CBQ is a right triangle, and x PRO is complementary to 
X PRB. Therefore the latter is equal to XC. In the same way, using 
the quadrilateral QORA, we see that XQRA = XC, ete. 





Fig. 197. Altitudle triangle of ABC, showing equal angles. 


This result enables us to state the following reflection property of 
the altitude triangle: Since, for example XAQR = X CQP, the reflec- 
tion of RQ in the side AC is the continuation of PQ, and vice versa; 
similarly for the other sides. 

We shall now prove the minimum property of the altitude tri- 
angle. In the triangle ABC consider, together with the altitude triangle, 
any other inscribed triangle, UVW. Reflect the whole figure first in the 
side AC of ABC, then reflect the resulting triangle in its side AB then 
in BC then again in AC, and finally in AB. In this way we obtain 
altogether six congruent triangles, each with the altitude triangle and 
the other one inscribed. The side BC of the last triangle is parallel to 
the original side BC. For in the first reflection, BC is rotated clockwise 
through an angle 2C, then through 2B clockwise; in the third reflection 
it is not affected, in the fourth it rotates through 2C counterclockwise, 
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Fig. 198, Schwara’s pruof that altitude triangle has least perimeter. 


Fru 41 


and in the fifth through 2B counterclockwise. Thus the total angle 
through which it has turned is zcro. 

Due to the reflection property of the altitude triangle, the straight 
line segment PP’ is equal to twice the perimeter of the altitude triangle; 
for PP’ is composed of six pieces that are, in turn, equal to the first, 
second, and third side of the triangle, each side occurring twice. Simi- 
larly, the broken line from U to U’ is twice the perimeter of the other 
inscribed triangle. This line is not shorter than the straight line seg- 
ment UU’. Since UU’ is parallel to PP’, the broken line from U to U’ 
is not shorter than PP’, and therefore the perimeter of the altitude 
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triangle is the shortest possible for any inscribed triangle, as was to be 
proved. ‘Thus we have at the same time shown that there is a minimum 
and that it is given by the altitude triangle. ‘That there is no other 
triangle with perimeter equal to that of the altitude triangle will be 
seen presently. 


2. Another Proof 


Perhaps the simplest solution of Schwarz’s problem is the following, 
based on the theorern proved earlier in this chapter that the sum of 
the distances from two points P and Q to a line L is least at that point 
R of L where PR and QR make the same angle with L, provided that 
P and Q lie on the same side of L and neither lies on L. Assume that 
the triangle PQR inscribed in the triangle ABC solves the minimum 
problem. Then Æ must be the point on the side AB where p + q is a 
minimum, and therefore the angles ARQ and BRP must be equal; 


similarly, 4AQR = xX CQP, 4BPR = x CPR. Thus the minimum 
triangle, if it exists, must have the equal-angle property used in 
Schwarz’s proof. It remains to be shown that the only triangle with 
this property is the altitude triangle. Moreover, since in the theorem 
on which this proof is based it is assumed that P and Q do not lie on AB, 
the proof does not hold in case one of the points P, Q, R is a vertex of 
the original triangle (in which case the minimum triangle would de- 
generate into twice the corresponding altitude); in order to complete the 
proof we must show that the perimeter of the altitude triangle is shorter 
than twice any altitude. 


c C 


Fig. 199. Fig. 200. 


To dispose of the first point, we observe that if an inscribed triangle 
has the equal-angle property mentioned above, the angles at P, Q, and 
R must be equal to xA, xX B, and XC respectively. For assume, say, 
that x ARQ = x4 C+ ô. Then, since the sum of the angles of a tri- 
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angle is 180°, the angle at Q must be B — ô, and at P, A — 4, in order 
that the triangles ARQ and BRP may have the sum of their angles 
equal to 180°. But then the sum of the angles of the triangle CPQ is 
A — ô + B — ô + C = 180° — 26; on the other hand, this sum must be 
180°. Therefore 6 is equal to zero. We have already seen that the 
altitude triangle has this equal-angle property. Any other triangle 
with this property would have its sides parallel to the corresponding 
sides of the altitude triangle; in other words, it would have to be similar 
to it and oriented in the same way. The reader may show that no other 
such triangle can be inscribed in the given triangle (see Fig. 200). 
Finally, we shall show that the perimeter of the altitude triangle 
is less than twice any altitude, provided the angles of the original 
triangle are all acute. We produce the sides QP and QR and draw the 





Fig. 201. 


perpendiculars from B to QP, QR, and PR, thus obtaining the points 
L, M,and N. Then QZ and QM are the projections of the altitude QB 
on the lines QP and QR respectively. Consequently, QL + QM < 2QB. 
Now QL + QM equals p, the perimeter of the altitude triangle. For 
triangles MRB and NRB are congruent, since angles MRB and NRB 
are equal, and the angles at M and N are right angles. Hence 
RM = RN; therefore QM = QR + RN. In the same way, we see that 
PN = PL, so that QL = QP + PN. We therefore have QL + QM = 
QP + QR + PN + NR = QP + QR + PR = p. But we have 
shown that 2QB > QL + QM. Therefore p is less than twice the 
altitude QB; by exactly the same argument, p is less than twice any 


ANOTHER PROOF 351 


altitude, as was to be proved. The minimum property of the altitude 
triangle is thus completely proved. 


Incidentally, the preceding construction permits the direct calculation of p. 
We know that the angles PQC and RQA are equal to B, and therefore PQB = 
RQB = 90° — B, so that cos (PQB) = sin B. Therefore, by elementary trigo- 
nometry, QM = QL = QB sin B, and p = 2QB sin B. Inthe same way, it can be 
shown that p = 2PA sin A = 2RC sin C. From trigonometry, we know that 
RC = asin B = b sin A, ete., which gives p = 2a sin B sin C = 2b sin C sin A = 2c 
sin A sin B. Finally, since a = 27 sin A, b = 2r sin B, c = 2r sin C, where ris the 
radius of the circumscribed circle, we obtain the symmetrical expression, p = 
år sin A sin B sin ©, 


3. Obtuse Triangles 


In both of the foregoing proofs it has been assumed that the angles 
A, B, and C are all acute. If, say, C is obtuse, as in Figure 202, the 
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Fig. 203. Altitude triangle for obtuse triangle. 


points P and Q will lie outside the triangle. Therefore the altitude 
triangle can no longer, strictly speaking, be said to be znscribed in the 
triangle, unless by an inscribed triangle we merely mean one whose 
vertices are on the sides or on the extensions of the sides of the original 
triangle. At any rate, the altitude triangle does not now give the 
minimum perimeter, for PR > CR and QR > CR; hence p = PR + 


} pe) ~ nā 0 : ‘ 


QR + PQ > 2CR. Since the reasoning in the first part of the last 
proof showed that the minimum perimeter, if not given by the altitude 
triangle, must be twice an altitude, we conclude that for obtuse triangles 
the “inscribed triangle” of smallest perimeter is the shortest altitude 
counted twice, although this is not properly a triangle. Still, one can 
find a proper triangle whose perimeter differs from twice the altitude by 
as little as we please. For the boundary case, the right triangle, the 
two solutions—twice the shortest altitude, and the altitude triangle— 
coincide. 

The interesting question whether the altitude triangle has any sort 
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of extremum property for obtuse triangles cannot be discussed here. 
Only this much may be stated: the altitude triangle gives, not a mini- 
mum for the sum of the sides, p + q + r, but a stationary value of 
minimax type for the expression p + q — r, where r denotes the side 
of the inscribed triangle opposite the obtuse angle. 


4. Triangles Formed by Light Rays 


If the triangle ABC represents a chamber with reflecting walls, then 
the altitude triangle is the only triangular light path possible in the 
chamber. Other closed light paths in form of polygons are not excluded, 
as Figure 203 shows, but the altitude triangle is the only such polygon 
with three sides. 


Fig. 203. Closed light path in a triangular mirror, 


We may generalize this problem by asking for the possible “light 
triangles” in an arbitrary domain bounded by one or even several 
smooth curves; i.e. we ask for triangles with their vertices somewhere 
on the boundary curves and such that each two adjacent edges form 
the same angle with the curve. As we have seen in §1, the equality of 
angles is a condition for maximum as well as minimum total length of 
the two edges, so that we may, according to circumstances, find different 
types of light triangles. For example, if we consider the interior of a 
single smooth curve C, then the inscribed triangle of maximum length 
must be a light triangle. Or we may consider (as suggested to the 
authors by Marston Morse) the exterior of three smooth closed curves. 
A light triangle ABC may be characterized by the fact that its length 
has a stationary value; this value may be a minimum with respect to all 
three points A, B, C, it may be a minimum with respect to any of the 
combinations such as A and B and a maximum with respect to the third 
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point C, it may be a minimum with respect to one point and a maximum 
with respect to the two others, or finally it may be a maximum with 
respect to all three points. Altogether the existence of at least 2° = 8 
light triangles is assured, since for each of the three points independently 


either a maximum or a minimum is possible. 


TF VS 


Figa. 204-7. The four types of light triangles between three circles. 


q 


*5, Remarks Concerning Problems of Reflection and Ergodic Motion 


It is a problem of major interest in dynamics and optics to describe 
the path or “trajectory” of a particle in space or of a light ray for an 
unlimited length of time. If by some physical device the particle or 
ray is restricted to a bounded portion of space, it is of particular interest 
to know whether the trajectory will, in the limit, fill the space every- 
where with an approximately equal distribution. Such a trajectory is 
called ergodic. The assumption of its existence is basic for statistical 
methods in modern dynamics and atomic theory. But very few relevant 
instances are known where a rigorous mathematical proof of the “ergodic 
hypothesis” can be given. 

The simplest examples refer to the ease of motion within a plane 
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curve C, where the wall C is supposed to act as a perfect mirror, reflecting 
the otherwise free particle at the same angle at which it hits the bound- 
ary. For example, a rectangular box (an idealized billiard table with 
perfect reflection and a mass point as billiard ball) leads in general to 
an ergodic path; the ideal billiard ball going on for ever will reach the 
vicinity of every point, except for certain singular initial positions and 
directions. We omit the proof, although it is not difficult in principle. 

Of particular interest is the case of an elliptical table with the foci 
F, and F}. Since the tangent to an ellipse makes equal angles with 
the lines joining the point of tangeney to the two foci, every trajectory 
through a focus will be reflected through the other focus, and so on. 
It is not hard to see that, irrespective of the initial direetion, the trajec- 
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If the initial ray does not go through a focus, then there are two possi- 
bilities. If it passes between the foci, then all the refleeted rays will 
pass between the foei, and all will be tangent to a certain hyperbola 
having F, and Fzas foci. If the initial ray does not separate F, and Fz, 
then none of the reflected rays will, and they will all be tangent to an 
ellipse having F, and F: as foci. Thus in no ease will the motion be 
ergodie for the ellipse as a whole. 


*Erxercitses: 1) Prove that if the initial ray passes through a focus of the ellipse, 
the nth reflection of the initial ray will tend to the major axis as n increases, 

2) Prove that if the initial ray passes between the two foci, all the reflected 
rays will do 80, and all will be tangent to some hyper bola having F, and i, as 
foci; similarly, if the initial ray does not pass between the foci, none of the re- 
flected rays will, and all will be tangent to some ellipse with F, and F, as foci. 
(Hint: Show that the ray before and after reflection at R makes equal angles with 
the lines RF, and RF, respectively, and then prove that tangents to confocal 


conics cau be characterized in this way.) 


§5. STEINER’S PROBLEM 
1 


. Problem and ! 


A very simple but instructive problem was treated by Jacob Steiner, 
the famous representative of geometry at the University of Berlin in the 
carly nineteenth century. Three villages A, B, C are to be joined by a 
system of roads of minimum total length. Mathematically, three 
points A, B, C are given in a plane, and a fourth point P in the plane is 
sought so that the sum a + bh + e shall be a minimum, where a, b, c 
denote the three distances from P to 4, B, C respectively. The answer 
to the problein is: If in the triangle ABC all angles are less than 120°, 
then P is the point from whieh each of the three sides, AB, BC, CA, 
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B 


a 


C 
Fig. 208. Least sum of distances to three pointa. 


subtends an angle of 120°. If, however, an angle of ABC, e.g. the angle 
at C, is equal to or larger than 120°, then the point P coincides with the 
vertex C. 

It is an easy matter to obtain this solution if we use our previous 
results concerning cxtrema. Suppose P is the required minimum point. 
There are these alternatives: either P coincides with one of the vertices 
A, B, C, or P differs from these vertices. In the first case it is clear that 
P must be the vertex of the largest angle C of ABC, because the sum 
CA + CB is less than any other sum of two sides of the triangle ABC. 
Thus, to complete the proof of our statement, we must analyze the 
second case. Let K be the circle with radius c around C. Then P 
must be the point on K such that PA + PB is a minimum. If A and B 





Fig. 209. 


are outside of K, as in Figure 209, then, according to the result in §1, 
PA and PB must form equal angles with the circle K and hence with 
the radius PC, which is perpendicular to K. Since the same reasoning 
applies also to the position of P and the circle with the radiusa around A, 
it follows that all three angles formed by PA, PB, PC are equal, and 
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consequently equal to 120°, as stated. This reasoning was based on 
the assumption that A and B are botl outside of K, which remains to 
be proved. Now, if at least one of the points A and B, say A, were 
on or inside K, then, since P, as assumed, is not identical with A or B, 
we should have a + b > AB. But AC < c, since A is not outside K. 
Hence 


atb+c>AB+ AC, 


which means that we should obtain the shortest sum of distances if P 
coincided with A, contrary to our assumption. This proves that A 
and B are both outside the circle K. The corresponding fact is simi- 
larly proved for the other combinations: B, C with respect to a circle 
of radius a about A, and A, C with respect to a circle of radius b about B. 


2. Analysis of the Alternatives 


To test which of the two alternatives for the point P actually occurs 
we must examine the construction of P. To find P, we merely draw 
the circles Kı , Ke on which two of the sides, say AC and BC, subtend 
ares of 120°. Then AC will subtend 120° from any point on the shorter 
arc into which AC divides K; , but will subtend 60° from any point on 
the longer arc, The intersection of the two shorter arcs, provided sucli 
an intersection exists, gives the required point P, fur not only will 
AC and BC subtend 120° at P, but AB will also, the sum of the three 
angles being 360°. 

It is clear from Figure 210 that if no angle of triangle ABC is greater 
than 120°, then the two shorter ares intersect inside the triangle. On 


f 


ÍN 


A B 


Fig. 210. 


the other hand, if one angle, C, of triangle ABC is greater than 120°, 
then the two shorter ares of K, and K; fail to intersect, as is shown in 


ANALYSIS OF ALTERNATIVES 357 





Fig. 211, 


Figure 211. In this case there is no point P from which all three sides 
subtend 120°. However, Kı and K: determine at their intersection a 
point P’ from which AC and BC subtend angles of 60° each, while the 
side AB opposite the obtuse angle subtends 120°. 

For a triangle ABC having an angle greater than 120° there is, then, 
no point at which each side subtends 120°. Hence the minimum point P 
must coincide with a vertex, since that was shown to be the only other 
alternative, and this must be the vertex at the obtuse angle. If, on the 
other hand, all the angles of a triangle are less than 120°, we have seen 
that a point P can be constructed from which each side subtends 120°. 
But to complete the proof of our theorem we have yet to show that 
a + b + c will actually be less here than if P coincided with any vertex, 
for we have only shown that P gives a minimum ?7f the smallest total 








Fig. 312 
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length is not attaincd at one of the vertices. Accordingly, we must 
show that a + b + c is smaller than the sum of any two sides, say 
AB+ AC. Todo this, extend BP and project A on this line, obtaining 
a point D (Fig. 212). Since x APD = 60°, the length of the projection 
PD is 4a. Now BD is the projection of AB on the line through B and 
P, and consequently BD < AB. But BD = b + ja, therefore 
b + 4a < AB. In exactly the same way, by projecting A on the ex- 
tension of PC, we see that c + 4a < AC. Adding, we obtain the 
inequality a + b + c < AB + AC. Since we already know that if 
the minimum point is not one of the vertices it must be P, it follows 
finally that P is actually the point at which a + b + c is a minimum. 


3. A Complementary Problem 


The formal methods of mathematics sometimes reach out beyond 
one’s original intention. For example, if the angle at C is greater than 
120° the procedure of geometrical construction produces, instead of the 
solution P (which in this case is the point C itself) another point P’, 
from which the larger side AB of the triangle ABC appears under an 
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Fig. 213. a + b — e = minimum. 


angle of 120°, and the two smaller sides under the angle of 60°. Cer- 
tainly P” does not solve our minimum problem, but we may suspect 
that it has some relation to it. The answer is that P’ solves the fol- 
lowing problem: to minimize the expression a + b — c. The proof is 
entirely analogous to that given above for a + b + c, based on the 
results of §1, Article 5, and is left as an exercise for the reader. Com- 
bined with the preceding result, we have the theorem: 

If the angles of a triangle ABC are all less than 120°, then the sum 
of the distances a, b, c from any point to A, B, C, respectively, is least 
at that point where each side of the triangle subtends an angle of 
120°, and a + b — cis least at vertex C; if one angle, say C, is greater 
than 120°, then a + b + c is least at C, and a + b — c is least at that 
point where the two shorter sides of the triangle subtend angles of 60° 
and the longest side subtends an angle of 120°. 


A COMPLEMENTARY PROBLEM 359 


Thus, of the two minimum problems, one is always solved by the 
circle construction and the other by a vertex. For XC = 120° the two 
solutions of each problem, and indeed the solutions of the two problems, 
coincide, since the point obtained by the construction is then precisely 
the vertex C. 


4. Remarks and Exercises 


If from a point P inside an equilateral triangle UVW we drop three 
perpendicular lines PA, PB, PC as shown in Figure 214, then A, B, C, 
and P form the figure studied above. This remark can serve in solving 
Steiner’s problem by starting with the points A, B, C and then finding 
U,V, W. 


W 


OZP 


U C V 
Fig. 214. Another proof of Steiner’s solution. 


Exercises: 1) Carry out this scheme, using the fact that from any point in 
an equilateral triangle the sum of the three perpendicular segments is constant 
and equal to the altitude. 

2) Using the corresponding fact when P is outside UVW, discuss the comple- 
mentary problem. 

In three dimensions one might study a similar problem: Given four points 
A, B,C, D; to finda fifth point P such that a +b + c + dis a minimum. 

* Evercise: Investigate this problem and its complementary problem by the 
methods of §1, or by using a regular tetrahedron. 


5. Generalization to the Street Network Problem 


In Steiner’s problem three fixed points A, B, C are given. It is 
natural to generalize this problem to the case of n given points, 
Ai, Az,--:,Anj; we ask for the point P in the plane for which the 
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sum of the distances a, + a, + +- +4, is a minimum, where a; is the 
distance PA, . (For four points, arranged as in Fig. 215, the point P 


A, 





Ay 


Fig. 215. Least sum of distances to four pointe. 


is the point of intersection of the diagonals of the quadrilateral 
A,A:A3A,; the reader may prove this as an exercise.) This prob- 
lem, which was also treated by Steiner, does not lead to interesting 
results. It is one of the superficial generalizations not infrequently 
found in mathematical literature. To find the really significant exten- 
sion of Steiner’s problem we must abandon the search for a sngle 
point P. Instead, we look for the “street network” of shortest total 
length. Mathematically expressed: Given n points, Ai, >>, Aa to 
find a connected system of straight line segments of shortest total length 
such that any two of the given points can be joined by a polygon consisting 
of segments of the system. 

The appearance of the solution will, of course, depend on the arrange- 
ment of the given points. The reader may with profit study the subject 
on the basis of the solution to Steiner’s problem. We shall content our- 
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Figa. 216-8. Bhortest networka joining more than 3 pointe. 
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selves here with pointing out the answer in the typical cases shown in 
Figures 216-8. In the first case the solution consists of five segments with 
two multiple intersections where three segments meet at angles of 120°. 
In the second case the solution contains three multiple intersections. If 
the points are differently arranged, figures such as these may not be 
possible. One or more of the multiple intersections may degenerate 
and be replaced by one or more of the given points, as in the third case. 
In the case of n given points, there will be at most n — 2 multiple 
intersections, at each of which three segments meet at angles of 120°. 
The solution of the problem is not always uniquely determined. For 
four points A, B, C, D forming a square we have the two equivalent 
solutions shown in Figures 219-20. If the points A1, Az, ---,An are 


/ NOON 


Figs. 219-20. Two shortest networks joining 4 pointa. 


the vertices of a simple polygon with sufficiently flat angles, then the 
polygon itself will give the minimum. 


§6. EXTREMA AND INEQUALITIES 


One of the characteristic features of higher mathematics is the impor- 
tant rôle played by inequalities. The solution of a maximum problem 
always leads, in principle, to an inequality which expresses the fact that 
the variable quantity under consideration is less than or at most equal 
to the maximum value provided by the solution. In many cases such 
inequalities have an independent interest. As an example we shall 
consider the important inequality between the arithmetical and geo- 


metrical means. 


1. The Arithmetical and Geometrical Mean of Two Positive Quantities 


We begin with a simple maximum problem which occurs very often 
in pure mathematics and its applications. In geometrical language it 
amounts to the following: Among all rectangles with a prescribed per- 
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imeter, to find the one with largest area. The solution, as one might 
expect, is the square. To prove this we reason as follows. Let 2a bt 
the prescribed perimeter of the rectangle. Then the fixed sum of the 
lengths x and y of two adjacent edges is x + y, while the variable are 
ty is to be made as large as possible. The “arithmetical mean” of 


and v is simnlv 
-= -d re 
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We shall also introduce the quantity 


m 





so that 
z=mt+d y=m-—d, 


and therefore 
2 
ny = (m + d)(m — d) = m? — Ë = ety — dt 


Since d’ is greater than zero except when d = 0, we immediately obtain 
the inequality 


(1) Vay < tty 


a 





where the equality sign holds only when d = 0 and z = y = m. 
Since z + y is fixed, it follows that yzy, and therefore the area zy, 
is a maximum when z = y. The expression 


g = ty, 
where the positive square root is meant, is called the “geometrical 
mean” of the positive quantities z and y; the inequality (1) expresses 
the fundamental relation between the arithmetical and geomctrical 
means. 


The inequality (1) also follows directly from the fact that the ex- 
pression 


(Vz — Vy) =z +y- 2v Ty 


is necessarily non-negative, being a square, and is zero only for z = y, 
A geometrical derivation of the inequality may be given by con- 
sidering the fixed straight line x + y = 2m in the planc, together with 
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the family of curves zy = c, where c is constant for each of these curves 
(hyperbolas) and varies from curve to curve. As is evident from Figure 


SON 


rt+y=2m 


Fig. 221. Maximum zy for given z + y. 


221, the curve with the greatest value of c having a point in common 
with the given straight line will be the hyperbola tangent to the line at 
the point z = y = m; for this hyperbola, therefore, c = m°. Hence 


tty\ 
zy < (H). 


It should be remarked that any inequality, f(z, y) < g(z, y), can be 
read both ways and therefore gives rise to a maximum as well as to a 
minimum property. For example, (1) also expresses the fact that 
among all rectangles of given arca the square has the least perimeter. 


2. Generalization to n Variables 


The inequality (1) between the arithmetical and geometrical means 
of two positive quantities can be extended to any number n of positive 


quantities, denoted by z,,22,-°-+,2n. We call 
a Tees tan 
n 


their arithmetical mean, and 
gi = AY Ti Ta eae Ta 
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their geometrical mean, where the positive nth root is meant. The 
general theorem states that 


(2) g<m, 


and that g = m only if all the z; are cqual. 

Many different and ingenious proofs of this general result have been 
devised. The simplest way is to reduce it to the same reasoning used 
in Article 1 by sctting up the following maximum problem: To partition 
a given positive quantity C into n positive parts, C = ti + .-- + 2,, 
so that the product P = zıt: --- zz shall be as large as possible. We 
start with the assumption—apparently obvious, but analyzed later in 
§7— that a maximum for P exists and is attained by a set of values 


Ti = Ai, +: Zn = Qn. 


All we have to prove is that a} = @&2 = -.- = a@,, for in this case g = m. 
Suppose this is not true for example, that a, = @. We consider the 
n quantities 


Ti = 8, T: = 8, T3 = Q3, >> n = an, 
where 
Qi + Gs 
g = a 
2 


In other words, we replace the quantities a; by another set in which 
only the first two are changed and made cqual, while the total sum C 
is retained. We can write 


a =s+d, a = s-— d, 


where 





The new product is 
P! = 3-03 -+-+ an, 
while the old product is 
P = (s + d)-(s — d)+a3 +--+ Gn = (8° — d')-as -+ an, 
so that obviously, unless d = 0, 
PaP, 


contrary to the assumption that P was the maximum. Hence d = 0 
and a; = a3. In the same way we can prove that ay = a;, where a; 
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is any one of the a’s; it follows that all the a’s are equal. Since g = m 
when all the z; are equal, and since we have shown that only this gives 
the maximum value of g, it follows that g < m otherwisc, as stated in 
the theorem. 


3. The Method of Least Squares 


The arithmetical mean of n numbers, zı, ++- ,Z,, which need not be 
assumed all positive in this article, has an important minimum prop- 
erty. Let u be an unknown quantity that we want to determine as 
accurately as possible with some measuring instrument. To this end 
we make a number n of readings which may yield slightly different 
results, 21, +--+ , 2, , due to various sources of experimental error. Then 
the question arises, what valuc of u is to be accepted as most trust- 
worthy? It is custornary to select for this “true” or “optimal” value 
Tı + =. + Ta 
om 
for this assumption one must enter into a detailed discussion of the 
theory of probability. But we can at least point out a minimum prop- 
erty of m which makes it a reasonable choice. Let ube any possible 
value for the quantity measured. Then the differences u — zi, =», 
u — 2, are the deviations of this value from the different readings. 
These deviations can be partly positive, partly negative, and the ten- 
dency will naturally be to assume as the optimal value for u one for 
which the total deviation is in some sense as small as possible. Follow- 
ing Gauss, it is customary to take, not the deviations themselves, but 
their squares, (u — z;)*, as appropriate measures of inaccuracy, and to 
choose as the optimal value among all the possible values for u one 
such that the sum of the squares of the deviations 


the arithmetical mean m = To give a real justification 


(u — a)? + (u — r) + oe) + (U ty 


is as small as possible. This optimal value for u ts exactly the arithmetic 
mean m, and it is this fact that constitutes the point of departure in 
Gauss’s important ‘‘method of least squares.” We can prove the itali- 
cized statement in an elegant way. By writing 


(u — 2:3) = (m — 24) + (u — m), 
we obtain 


(u — ry = (m — 1) + (u — mY + 2(m — r) (u — m). 
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Now add all these equations fori = 1,2,-..-,7. The last terms yield 
2(u — m)(nm — zı — +--+» — Za), which is zero because of the definition 
of m; consequently we retain 
(u — 2) +--+ (uw Ea) 

= (m — 2) +--+ + (m — 2.) + n(m — u”. 
This shows that 

(u — ai)’ + o + (u ta) > (m a) + -e + (m — tY, 

and that the equality sign holds only for u = m, which is exactly what 
we werc to prove. 

The general method of least squares takes this result as a guiding 
principle in more complicated cases when the problem is to decide on a 
plausible result from slightly incompatible measurements. For example, 
suppose we have measured the codérdinates of n points 2;, yẹ of a 
theorctically straight linc, and suppose that these measured points do 
not lie exactly on a straight line. How shall we draw the line that 
best fits the n observed points? Our previous result suggests the fol- 
lowing procedure, which, it is true, might be replaced by equally reason- 
able variants. Let y = az + b represent the equation of the line, 
so that the problem is to find the coefficients a and b. The distance 
in the y direction from the line to the point z;, y; is given by 
y: — (ax; + b) = y; — az; — b, with a positive or negative sign accord- 
ing as the point is above or below the line. Hence the square of this 
distance is (y; — az; — b)’, and the method is simply to determine a 
and b in such a way that the expression 

(yi — aa, — b) + «++ + (Yn — Gay — b) 
attains its least possible value. Here we have a minimum problem in- 


volving two unknown quantitics, a and b. The detailed discussion of 
the solution, though quite simple, is omitted here. 


§7. THE EXISTENCE OF AN EXTREMUM, 
DIRICHLET’S PRINCIPLE 


1. General Remarks 


In some of the previous extremum problems the solution is directly 
demonstrated to give a better result than any of its competitors. A 
striking instance is Schwarz’s solution of the triangle problem, where we 
could see at onee that no inscribed triangle has a perimeter smaller than 
that of the altitude triangle. Other examples are the minimum or 


GENERAL REMARKS 367 


maximum problems whose solutions depend on an explicit inequality, 
such as that betwecn the arithmctical and geometrical means. But in 
some of our problems we followed a different path. We began with the 
assumption that a solution had been found; then we analyzed this 
assumption and drew conclusions which eventually permitted a descrip- 
tion and construction of the solution. This was the case, for example, 
with the solution of Steiner’s problem and with the second treatment of 
Schwarz’s problem. The two methods are logically different. The 
first one is, in a way, more perfect, since it gives a more or less con- 
structive demonstration of the solution. The second method, as we 


eawrin tha ance nf tha tmangla nenhlam ie Tkali tn he simnilar Rit it 
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is not so direct, and it is, above all, conditional in its structure, for it 
starts with the assumption that a solution to the problem exists. It 
gives the solution only provided that this is granted or proved. With- 
out this assumption it merely shows that if a solution exists, then it 
must have a certain character. 

Because of the apparent obviousness of the premisc that a solution 


ete mathamatiaiana until lata the nminatananth nantin nal ied 
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attention to the logical point involved, and assumed the existence of a 
solution to extremum problems as a matter of course. Some of the 
greatest mathematicians of the nineteenth century—Gauss, Dirichlet, 
and Riemann—used this assumption indiscriminately as the basis for 
deep and otherwise hardly accessible theorems in mathematical physics 
and the theory of functions. The climax came when, in 1849, Riemann 
published his doctoral thesis on the foundations of the theory of func- 
tions of a complex variable. This concisely written paper, one of the 
great pioneering achievements of modern mathematics, was so com- 
pletely unorthodox in its approach to the subject that many people 
would have liked to ignore it. Weicrstrass was then the foremost mathe- 
matician at the University of Berlin and the acknowledged leader in the 
building of a rigorous function theory. Impressed but somewhat doubt- 
ful, he soon discovered a logical gap in the paper which the author had 
not bothered to fill, Weierstrass’ shattering criticism, though it did 
not disturb Riemann, resulted at first in an almost general neglect of his 
theory. Riemann’s meteoric career came to a sudden end after a few 
years with his death from consumption. But his ideas always found 


t The logical necessity of ascertaining the existence of an extremum is illus- 
trated by the following fallacy: 1 is the largest integer. For let us denote the 
largest integer by z. If z > 1, then r? > z, hence z could not be the largest 
integer, Therefore z must be equal to 1. 
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some enthusiastic disciples, and fifty years after the publication of his 
thesis Hilbert finally succeeded in opening the way for a complete answer 
to the questions that he had left unsettled. This whole development in 
mathematics and mathematical physics became one of the great tri- 
umphs in the history of modern mathematical analysis. 

In Riemann’s paper the point open to critical attack is the question of 
the existence of a minimum. Ricmann based much of his theory on 
what he called Dirichlct’s principle (Dirichlet had been Riemann’s 
teacher at Goettingen, and had lectured but never written about this 
principle.) Let us suppose, for example, that part of a plane or of any 
surface is covercd with tinfoil and that a stationary electric current is 
set up in the layer of tinfoil by connccting it at two points with the 
poles of an electric battery. There is no doubt that the physical experi- 
ment leads to a definite result. But how about the corresponding 
mathematical problem, which is of the utmost importance in function 
theory and other fields? According to the theory of electricity, the 
physical phenomenon is described by a “boundary value problem of a 
partial differential equation”. It is this mathematical problem that con- 
cerns us; its solvability is made plausible by its assumed equivalence to 
a physical phenomenon but is by no means mathematically proved by 
this argument. Riemann disposed of the mathematical question in two 
steps, First he showed that the problem is cquivalent to a minimum 
problem: a certain quantity expressing the encrgy of the electric flow is 
minimized by the actual flow in comparison to the other flows possible 
under the prescribed conditions. Then he stated as “Dirichlet’s prin- 
ciple” that such a minimum problem has a solution. Riemann took 
not the slightest step towards a mathematica) proof of the sccond asser- 
tion, and this was the point attacked by Weierstrass Not only was the 
existence of the minimum not at all evident, but, as it turned out, it 
was an cxtremely delicate question for which the mathematics of that 
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decades of intensive research. 


2. Examples 


We shall illustrate the sort of difficulty involved by two examples. 
1) We mark two points A and B at a distance d on a straight line L, 
and ask for the polygon of shortest length that starts at A in a direction 
perpendicular to L and ends at B. Since the straight segment AB is 
the shortest connection betwecn A and B for all paths, we can be certain 
that any path admissible in the compctition has a length greater than d, 
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for the only path giving the value d is the straight segment AB, which 
violates the restriction imposed on the direction at A, and hence is not 
admissible under the terms of the problem. On the other hand, con- 


O 


OQ’ 
ll L 
A B 
Fig. 222, 


sider the admissible path AOB in Figure 222. If we replace O by a 
point O’ near enough to A, we can obtain an admissible path with a 
length differing as little from d as we like; hence if a shortest admissible 
path exists, it cannot have a length exceeding d and must therefore have 
the exact length d. But the only path of that length is not admissible, 
as we saw. Hence there can exist no shortcst admissible path, and the 
proposed minimum problem has no solution. 

2) As in Figure 223, let C be a circle and S a point at a distance 1 
above its center. Consider the class of all surfaces bounded by C that 
go through the point S and lie above C in such 
a way that no two different points have the same 
vertical projection on the plane of C. Which of 
these surfaces has the least area? This problem, 
natural as it appears, has no solution: there is no 
admissible surface with a minimum area. If the 
condition that the surface go through S had not 
been prescribed, the solution would obviously be the 
plane circular disk bounded by C. Let us denote 
its area by A. Any other surface bounded by oe 
C must have an area larger than A. But we can Fig. 223. 
find an admissible surface whose area exceeds A by 
as little as we please. For this purpose we take a conical surface of 
height 1 and so slender that its area is less than whatever margin may 
have been assigned. We place this cone on top of the disk with its ver- 
tex at S, and consider the total surface formed by the surface of the 
cone and the part of the disk outside the base of the cone. It is im- 
mediately clear that this surface, which deviates from the plane only 
near the center, has an area exceeding A by less than the given margin. 


S 
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Since this margin can be chosen as small as we like, it follows again 
that the minimum, if it exists, cannot be other than the area A of the 
disk. But among all the surfaces bounded by C only the disk itself has 
this area, and since the disk does not go through Sit violates the con- 
ditions for admissibility. Asa consequence, the problem has no solution. 
We can dispense with the more sophisticated examples given by Weier- 
strass. The two just considered show well enough that the existence of 
a minimum is not a trivial part of a mathematical proof. Let us put the 
matter in more general and abstract terms. Consider a definite class of 
objects. e.g. of curves or surfaces, to each of which is attached as 
function of the object a certain number, e.g. length or area. If there 
is only a finite number of objects in the class, there must obviously be a 
largest and a smallest among the corresponding numbers. But if there 
are infinitely many objects in the class, there need be neither a largest 
nor a smallest number, even if all these numbers are contained between 


fixed bounds. In general, these numbers will form an infinite set of 


points on the number axis. Let us suppose, for simplicity, that all the 
numbers are positive. Then the set has a “greatest lower bound”, 
that is, a point a below which no number of the set lies, and which is 
either itself an element of the set or is approached with any degree of 
accuracy by members of the set. If a belongs to the set, it is the smallest 


element; otherwise the set simply does not contain a smallest element. 
For example, the set of numbers 1, 1/2, 1/3, ... contains no smallest 
element, since the lower bound, 0, does not belong to the set. These 
examples illustrate in an abstract way the logical difficulties connected 
with the existence problem. The mathematical solution of a minimum 
problem is not complete until one has provided, explicitly or implicitlz, 
a proof that the set of values associated with the problem contains a 


smallest element. 


3. Elementary Extremum Problems 


In elementary problems it requires only an attentive analysis of the 
basic concepts involved to settle the question of the existence of a solu- 
tion. In Chapter VI, §5 the genaral notion of a compact set was dis- 
cussed; it was stated that a continuous function defined for the elements 
of a compact set always assumes a largest and a smallest value some- 
where in the set. In each of the elementary problems previously dis- 
cussed, the competing values can be regarded as the values of a function 
of one or severval ariables in a domain that is either compact or can 
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easily be made so without essential change in the problem. In such a 
case the existence of a maximum and a minimum is assured. In 
Steiner’s problem, for example, the quantity under consideration is the 
sum of three distances, and this depends continuously on the position 
of the movable point. Since the domain of this point is the whole plane, 
nothing is lost if we enclose the figure in a large circle and restrict the 
point to its interior and boundary. For as soon as the movable point is 
sufficiently far away from the three given points, the sum of its dis- 
tances to these points will certainly exceed AB + AC, which is one of 
the admissiblé values of the function. Hence if there is a minimum for a 
point restricted to a large circle, this will also be the minimum for the 
unrestricted problem. But it is easy to show that the domain con- 
sisting of a circle plus its interior is compact, hence a minimum for 
Steiner’s problem exists. 

The importance of the assumption that the domain of the independent 
variable is compact can be shown by the following example. Given 
two closed curves C, and C3, there always exist two points. P,, Pz, on 
Cı, C: respectively, which have the least possible distance from each 
other, and points Q: , Q: which have the largest possible distance. For 
the distance between a point A; on Cı and a point A: on C: is a con- 
tinuous function on the compact set consisting of the pairs A;, As of 


ia a 
i en 


Fig. 224. Curves between which there is no longest or shortest distance. 


points under consideration. However. if the two curves are not bounded 
but extend to infinity, then the problem may not have a solution. In 
the ease shown in Figure 224 neither a smallest nor a largest distance 
between the curves is attained; the lower bound for the distance is zero, 
the upper bound is infinity, and neither is attained. In some cases a 
minimum but no maximum exists. For the case of two branches of a 
hyperbola (Fig. 17, p. 76) only a minimum distance is attained, by A and 
A’, since obviously no two points exist with a maximum distance apart. 
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We can account for this difference in behavior by artificially restricting 
the domain of the variables. Select an arbitrary positive number R, 
and restrict z by the condition |x| < R. Then both a maximum and 
a minimum exist for each of the last two problems. In the first one, 
restricting the boundary in this way assures the existence of a maximum 
and a minimum distance, both of which are attained on the boundary., 
If #& is increased, the points for which the extrema are attained are 
again on the boundary. Hence as R increases, these points disappear 
towards infinity. In the second case, the minimum distance is attained 
in the interior, and no matter how much œR is increased the two points 
of minimum distance remain the sume. 


4. Difficulties in Higher Cases 


While the existence question is not at all serious in the elementary 
problems involving one, two, or any finite mimber of independent vari- 
ables, it is quite different with Dirichlet’s principle or with even simpler 
problems of a similar type. The reason in these cases is either that the 


domain of the independent variable fails to be compact, or that the 
function fails to be continuous. In the first example of Article 2 we 
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have a sequence of paths AO’B where O’ tends to the point A. Each 
path of the sequence satisfies the conditions of admissibility. But the 
paths AO’B tend to the straight segment AB and this limit is no longer 
in the admitted set. The set of admissible paths is in this respect like 
the interval 0 < z = 1 for which Weierstrass’ theorem on extreme 
values does not hold (see p. 314). In the second example we find a 
similar situation: if the cones become thinner and thinner, then the se- 
quence of the corresponding admissible surfaces will tend to the disk 
plus a vertical straight line reaching to S. This limiting geometrical 
entity, however, is not among the admissible surfaces, and again it is 
true that the set of admissible surfaces is not compact. 

As an example of non-continuous dependence we may consider the 
length of a curve. This length is no longer a function of a finite number 
of numerical variables, since a whole curve cannot be characterized by a 
finite number of ‘‘codrdinates,”’ and it is not a continuous function of 
the curve. To see this let us Join two points A and B at a distance d 
by a zigzag polygon P, which together with the segment AB forms n 


equilateral triangles. It is clear from F igure 225 that the total engin 


of P, will be exactly 2d for every valne of n. Now consider the sequence 
of polygons P, , P2,---. The single waves of these polygons decrease 
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in height as they inerease in number, and it is clear that polygon P, 
tends to the straight line AB, where. in the limit, the roughness has 
disappeared completely. The length of Pa is always 2d, regardless of 
the index n, while the length of the limiting curve, the straight. segment, 
is only d. Hence the length does not depend continuously on the curve. 


MDP ph 
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Fig. 225. Approximation to a segment by polygons of twice its length, 


All these examples confirm the fact that caution as to the existence 
of a solution is really necessary in minimum problems of a more complex 
structure. 


§8. THE ISOPERIMETRIC PROBLEM 


That the cirele encloses the largest area among all closed curves with a 
prescribed length is one of the “obvious” facts of mathematics for which 
only modern methods have yielded a rigorous proof. Steincr devised 
various ingenious ways of proving this theorem, of which we shall con- 
sider one. 

Let us start with the assumption that a solution does exist. This 
granted, suppose the curve C is the required one with the prescribed 
length L and maximum area, Then we can easily show that C must be 
convex, in the sense that the straight segment joining any two points 
of C must lie entirely inside or on C. For if C were not convex, as in 
Figure 226, then a segment such as OP could be drawn between some 
pair of points O and P on C, such that OP lics outside of C. The are 
OQ’P which is the reflection of OQP in the line OP forms, together with 
the are ORP, a curve of length L enclosing a larger area than the original 
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curve C, since it includes the additional areas I and II. This contra- 
dicts the assumption that C contains the largest area for a closed curve 
of length L. Hence C must be convex. 


Fig, 228 


Now choose two points, A, B, dividing the solution curve C into arcs 
of equal length. Then the line AB must divide the area of C into two 
equal parts, for otherwise the part of greater area could be reflected in 
AB (Fig. 227) to give another curve of length L with greater included 
area that C. It follows that half of the solution C must solve the 


following problem: To find the arc of length L/2 having its endpoints 
A, B on a straight line and enclosing a maximum area between it and 


Vy 


Fig. 227 


this straight line. Now we shall show that the solution to this new 
problem is a semicircle, so that the whole curve C solving the iso- 
perimetric problem is a circle. Let the are AOB solve the new problem. 
It is sufficient to show that every inscribed angle such as 4 AOB in 
Figure 228 is a right angle, for this will prove that AOB is a semicircle. 


Suppose, on the contrary, that the angle AOB is not 90°. Then we can 
replace Figure 228 by another one, 229, in which the shaded sreas and 
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the length of the arc AOB are not changed, while the triangular area is 
increased by making X. AOB equal to or at least nearer to 90°. Thus 
Figure 229 gives a larger area than the original (see page 330). But we 
started with the assumption that Figure 228 solves the problem so that 
Figure 229 could not possibly yield a larger area. This contradiction 
shows that for every point O, X AOB must be a right angle, and this 
completes the proof. 

The isoperimetric property of the circle can be expressed in the form 
of an inequality. If L is the circumference of the circle, its area is 
[?/4x, and therefore we must have the isoperimetric inequality, A < 
[?/4x, between the area A and length L of any closed curve the equality 
sign holding only for the circle. 

*As is apparent from the discussion in §7, Steiner’s proof has only a 
conditional value: “If there is a curve of length L within maximal area 
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then it must be a circle.” To establish the hypothetical premise an 
essentially new argument is needed. First we prove an elementary 
theorem concerning closed polygons P, with an even number 2n of 
edges: Among all such 2n-gons with the same length, the regular 2n-gon 
has the largest area. The proof follows the pattern of Steiner’s reasoning 
with the following modifications. There is no difficulty about the ques- 
tion of existence here, since a 2n-gon, together with its length and area, 
depends continuously on the 4n codrdinates of its vertices, which may 
without loss of generality be restricted to a compact set of points in 
4n-dimentional space. Accordingly, in this problem for polygons we 
may safely begin with the assumption that some polygon P zs the solu- 
tion, and on this basis analyze the properties of P. Exactly as in 
Steiner’s proof, it follows that P must be convex. We prove now that. 
all the 2n edges of P must have the same length. For assume that two 
adjacent edges AB and BC had different lengths; then we could cut off 
triangle ABC from P and replace it by an isosceles triangle AB’C, in 
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which AB’ + B’C = AB + BC, and which has a larger area (see §1). 
Thus we would obtain a polygon P’ with the same perimeter and a 
larger area, contrary to the assumption that P 
was the optimal polygon of 2n edges. Therefore 
all the edges of P must have equal length, and 
what remains to be shown is that P is regular; for 
this it suffices to know that all the vertices of P lie 
on a circle. The reasoning follows Steiner’s 
pattern. First we show that any diagonal joining 
opposite vertices, e.g. the first with the (n + 1)-st, 
cuts the area in two equal parts. Then we prove 
that all the vertices of one of these parts 
lie on a semicircle. The details, which follow 
exactly the previous pattern, are left to the reader as an ex- 
ercise. 

The existence, together with the solution, of the isoperimetric problem 
ean now be obtained by a limiting process in which the number of 
vertices tends to infinity and the optimal regular polygon to a circle. 

Steiner’s reasoning is not at all suited to proving the corresponding 
isoperimetric property of the sphere in three dimensions. A somewhat 
different and more complicated treatment was given by Steiner that 
works for three dimensions as well as for two, but since it cannot be so 
immediately adapted to giving the existence proof it is omitted here. 


As 2 matter of fact proving the isoperimetric property of the sphere 
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is a much harder task than for the circle; indeed, a complete and rigorous 
proof was first given much later, in a rather difficult paper by H. A. 
Schwarz. The three-dimensional isoperimetric property can be ex- 
pressed by the inequality 





Fig. 230 
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between the surface area A and the volume V of any closed three- 
dimensional body, the equality holding only for the sphere. 


*§9. EXTREMUM PROBLEMS WITH BOUNDARY CONDI- 
TIONS. CONNECTION BETWEEN STEINER’S PROB- 
LEM AND THE ISOPERIMETRIC PROBLEM 


Interesting results arise in extremum problems when the domain of 
the variable is restricted by boundary conditions. The theorem of 
Weierstrass that in a compact domain a continuous function attains a 
largest and smallest value does not exclude the possibility that the ex- 
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treme values are attained at the boundary of the domain. A simple, 
almost trivial, example is afforded by the function u = z. If z is not 
restricted and may range from — œ to +, then the domain B of the 
independent variable is the entire number axis; and hence it is under- 
standable that the function u = z has no largest or smallest value any- 
where. But if the domain B is limited by boundaries, say 0 < z < 1, 
then there exists a largest value, 1, attained at the right endpoint, and 
a smallest value, 0, attained at the left endpoint. However, these ex- 
treme values are not represented by a summit or a depression in the 
curve of the function; they are not extrema relative to a full two-sided 
neighborhood. They change as soon as the interval is extended, be- 
cause they remain at the endpoints. For a genuine peak or depression 
of a function, the extremal character always refers to a full neighborhood 
of the point where the value is attained; it is not affected by slight 
changes of the boundary. Such an extremum persists even under a 
free variation of the independent variable in the domain B, at least ina 
sufficiently small neighborhood. The distinction between such “free” 
extrema and those assumed at the boundary is illuminating in many 
apparently quite different contexts. For functions of one variable, of 
course, the distinction is simply that between monotone and non-mono- 
tone functions, and thus does not lead to particularly interesting ob- 
servations. But there are many significant instances of extrema 
attained at the boundary of the domain of variability by functions of 
several variables. 

This may occur, for example, in Schwarz’s triangle problem. There 
the domain of variability of the three independent variables consists of 
all triples of points, one on each of the three sides of the triangle ABC. 
The solution of the problem involved two alternatives: either the mini- 
mum is attained when all three of the independently variable points 
P, Q, R lie inside the respective sides of the triangle, in which case the 
minimum is given by the altitude triangle, or the minimum is attained 
for the boundary position when two of the points P, Q, R coincide with 
the common endpoint of their respective intervals, in which case the 
minimum inscribed “triangle” is the altitude from this vertex, counted 
twice. Thus the character of the solution is quite different according 
to which of the alternatives occurs. 

In Steiner’s problem of the three villages the domain of variability of 
the point P is the whole plane, of which the three given points A, B, C 
may be considered as boundary points. Again there are two alternatives 
yielding two entirely different types of solutions: either the minimum ig 
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attained in the interior of the triangle ABC, which is the case of the 
three equal angles, or it is attained at a boundary point C. A similar 
pair of alternatives exists for the complementary problem. 

As a last example we may consider the isoperimetric problem modified 
by restrictive boundary conditions. We shall thus obtain a surprising 
connection between the isoperimetric problem and Steiner’s problem 
and at the same time what is perhaps the simplest instance of a new type 
of extremum problem. In the original problem the independent varia- 
able, the closed curve of given length, can be arbitrarily varied from the 
circular shape, and any such deformed curve is admissible into the 
competition, so that we have a genuine free minimum. Now let us 
consider the following modified problem: the curves C under considera- 
tion shall include in their interior, or pass through, three given points, P, 
Q, R, the area A is prescribed, and the length L is to be made a minimum. 
This represents a genuine boundary condition. 

It is clear that, if A is prescribed sufficiently large, the three points 
P, Q, R will not affect the problem at all. Whenever the circle circum- 
scribed about the triangle PQR has an area less than or equal to A, the 
solution will simply be a circle of area A including the three points. 
But what if A is smaller? We state the answer here but omit the some- 
what detailed proof, although it would not be beyond our reach. Let 
us characterize the solutions for a sequence of values of A which de- 
creases to zero. As soon as A falls below the area of the circumscribed 
circle, the original isoperimetric circle breaks up into three arcs, all 
having the same radius, which form a convex circular triangle with 


P 


Fig. 231 Fig. 232 Fig. 233 





Fig. 234 Fig. 235 
Figs. 881-5. laoperimetrio figures tending to the solution of Steiner's problem. 
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P, Q, R as vertices (Fig. 232). This triangle is the solution; its dimen- 
sions can be determined from the given value of A. If A decrcases 
further, the radius of these arcs will increase, and the arcs will become 
more and more nearly straight, until when A is exactly the area of the 
triangle PQR the solution is the triangle itself. If A now becomes 
even smaller, then the solution will again consist of three circular arcs 
having the same radius and forming a triangle with corners at P, Q, R. 
This time, however, the triangle is concave and the ares are inside the 
triangle PQA (Fig. 233). As A continues to decrease, there will come 
a moment when, for a certain value of A, two of the concave arcs become 
tangent to each other in a corner R. With an additional decrease of A, 
it is no longer possible to construct a circular triangle of the previous 
type. A new phenomenon occurs: the solution is still given by a con- 
cave circular triangle, but one of its corners R’ has become detached 
from the corresponding corner R, and the solution now consists of a 
circular triangle PQR’ plus the straight line RR’ counted twice (because 
it travels from R’ to R and back). This straight segment is tangent to 
the two arcs tangent to each other at R’. If A decreases further, the 
separation process will also set in at the other verticcs. Eventually we 
obtain as solution a circular triangle consisting of three arcs of equal 
radius tangent to each other and forming an equilateral circular triangle 
P’Q’R’, and in addition three doubly counted straight segments P’P, 
Q’Q, R'R (Fig. 234). If, finally, A shrinks to zero, then the circular 
triangle reduces to a point, and we return to the solution of Steiner's 
problem; the latter is thus seen to be a limiting case of the modified 
isoperimetric problem. 

If P, Q, R form an obtuse triangle with an angle of more than 120°, 
then the shrinking process leads to the corresponding solution of Steiner’s 
problem, for then the circular arcs shrink toward the obtuse vertex. 
The solutions of the generalized Steiner problem (see Figs. 216-8 on p. 
360) may be obtained by limiting processes of a similar nature. 


§10. THE CALCULUS OF VARIATIONS 
1. Introduction 


The isoperimetric problem is one example, probably the oldest, of a 
large class of important problems to which attention was called in 1696 
by Johann Bernoulli. In Acta Eruditorum, the great scientific journal 
of the time, he posed the following ‘‘brachistochrone” problem: Imagine 
a particle constrained to slide without friction along a certain curve 
joining a point A to a lower point B. If the particle is allowed to fall 
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under the influence of gravity alone, along which such curve will the 
time required for the descent be'least? It is easy to see that the falling 
particle will require different lengths of time for different paths. The 
straight line by no means affords the quickest Journey, nor is the circular 
arc or any other elementary curve the answer. Bernoulli boasted of 
having a wonderful solution which he would not immediately publish 
in order to incite the greatest mathematicians of the time to try their 
skill at this new type of mathematical question. In particular, he 
challenged his elder brother Jacob, with whom he was at the time en- 
gaged in a bitter feud, and whom he publicly described as incompetent, 
to solve the problem. Mathematicians immediately recognized the 
different character of the brachistochrone problem. While heretofore, 
in problems treated by the differential calculus, the quantity to be mini- 
mized depended only on one or more numerical variables, in this problem 
the quantity under consideration, the time of descent, depends on the 


Fig. 286. Tho cycloid. 


whole curve, and this makes for an essential difference, taking the problem 
out of the reach of the differential calculus or any other method known 
at the time. 

The novelty of the problem—apparently the isoperimetric property 
of the circle was not clearly recognized as of the same nature—-fascinated 
the contemporary mathematicians all the more when the solution turned 
out to be the cycloid, a curve that had just been discovered. (We 
recall the definition of the cycloid:it is the locus of a point on the circum- 
ference of a circle that rolls without slipping along a straight line, as 
shown in Fig. 236.) This curve had been brought into connection with 
interesting mechanical problems, especially with the construction of an 
ideal pendulum. Huygens had discovered that an ideal mass point 
which oscillates without friction under the influence of gravity on a 
vertical cycloid has a period of oscillation independent of the amplitude 
of the motion. On a circular path, such as is provided by an ordinary 
pendulum, this independence is only approximately true, and this was 
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considered a drawback to the use of pendulums for precision clocks. 
The cycloid was honored by the name of tautochrone; now it acquired 
the new title of brachistochrone. 


2. The Calculus of Variations. Fermat’s Principle in Optics 


Of the different ways in which the solution to the brachistochrone 
problem was found by the Bernoullis and others we shall presently ex- 
plain one of the most original. The first methods were of a more or less 
special character, adapted to the specific problem. But it did not take 
long before Euler and Lagrange (1736-1813) evolved more general meth- 
ods for solving extremum problems in which the independent element 
was not a single numerical variable or a finite number of such variables, 
but a whole curve or function or even a system of functions. The new 





method for solving such problems was called the calculus of 
variations. 

It is not possible to describe here the technical aspects of this branch 
of mathematics or to go deeper into the discussion of specific problems. 
The calculus of variations has many applications in physics. It was ob- 
served long ago that natural phenomena often follow some pattern of 
maxima and minima. As we havc seen, Heron of Alexandria recognized 
that the reflection of a light ray in a plane mirror can be described by a 
minimum principle, Fermat, in the seventeenth century, took the next 
step: he observed that the law of refraction of light can also be stated 
in terms of a minimum principle. It is well known that the path of 
light travelling from one homogeneous medium into another is bent at 
the boundary. Thus m Figure 237, a light ray going from P in the 
upper medium where the velocity is v to R in the lower medium where 
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the velocity is w will follow a path PQR. The empirical law found by 
Snell (1591-1626) states that the path consists of two straight segments, 
PQ and QR, forming angles a, a’ with the normal determined by the 
conditions sin a/sin a’ = v/w. By means of the calculus Fermat proved 
that this path is such that the time taken for the light ray to go from P 
to R is a minimum, i.e. smaller than it would be along any other con- 
necting path. Thus Heron’s law of reflection was supplemented sixteen 
hundred years later by a similar and equally important law of refraction. 

Fermat generalized the statement of this law so as to include curved 
surfaces of discontinuity between media, such as the spherical surfaces 
used in lenses. In this case the statement still holds that light follows 
a path along which the time taken is a minimum relative to the time 
that would be required for the light to describe any other possible path 
between the same two points. Finally, Fermat considered any optical 
system in which the velocity of light varies in a prescribed way from 
point to point,_as it does in the atmosphere. He divided the con- 
tinuous inhomogeneous medium into thin slabs, in each of which the 
velocity of light is approximately constant, and imagined this medium 
replaced by another in which the velocity is actually constant in each 
slab. Then he could again apply his principle, going from each slab to 
the next. By letting the thickness of the slabs tend to zero, he arrived 
at the general Fermat principle of geometrical optics: In an inhomogencous 
medium, a light ray travelling between two points follows a path along 
which the time taken is a minimum with respect to all paths joining the 
two points. This principle has been of the utmost importance, not only 
theoretically, but in practical geometrical optics. The technique of the 


calculus of variations applied to this principle provides the basis for 
calculating lens systems. 

Minimum principles have also become dominant in other branches of 
physics. It was observed that stable equilibrium of a mechanical sys- 
tem is attained if the system is arranged in such a way that its “potential 
energy” isa minimum. As an example, let us consider a flexible homo- 
geneous chain suspended at its two ends and allowing full play to the 
force of gravity. The chain will then assume a form in which its potential 
energy is a minimum, In this case the potential energy is determined 
by the height. of the center of gravity above some fixed axis. The 
curve in which the chain hangs is called a catenary, and resembles super- 
ficially a parabola. 

Not only the laws of equilibrium, but also those of motion, are domi- 
nated by maximum and minimum principles. It was Euler who ob- 
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tained the first clear ideas about these principles, while philosophically 
and mystically inclined speculators, such as Maupertuis (1698-1759), 
were not able to separate the mathematica] statements from hazy ideas 
about ‘‘God’s intention to regulate physical phenomena by a general 
principle of highest perfection.” Euler’s variational principles of phys- 
ics, rediscovered and extended by the Irish mathematician W. R. 
Hamilton (1805-1865), have proved to be among the most powerful 
tools in mechanics, optics, and electrodynamics, with many applications 
to engineering. Recent developments in physics—relativity and quan- 
tum theory—are full of examples revealing the power of the calculus of 
variations. 


3. Bernoulli’s Treatment of the Brachistochrone Problem 


The early method developed for the brachistochrone problem by Jacob 
Bernoulli can be understood with comparatively little technical knowl- 


A 


Fig. 238. 


edge. We start with the fact, taken from mechanics, that a mass point 
falling from rest at A along any curve C will have at any point P a 
velocity proportional to “h, where h is the vertical distance from A 
to P; that is, v = c+/h, where c is a constant. Now we replace the 
given problem by a slightly different one. We dissect the space into 
many thin horizontal slabs, each of thickness d, and assume for the 
moment that the velocity of the moving particle changes, not continu- 
ously, but in little jumps from slab to slab, so that in the first slab 
adjacent to A the velocity is cyd, in the second c+/2d, and in the nth 
slab cx/nd = cv/h, where h is the vertical distance from A to P (see 
Fig. 238). If this problem is considered, then there are really only a 
finite number of variables. In each slab the path must be a straight 
segment, no existence problem arises, the solution must be a polygon, 
and the only question is how to determine its corners. According to the 
minimum principle for the law of simple refraction, in each pair of suc- 
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cessive slabs the motion from P to R by way of Q must be such that, 
with P and È fixed, Q provides-the shortest possible time. Hence the 
following “‘refraction law” must hold: 
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Repeated application of this reasoning yields the succession of equalities 
(1) 
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where a, is the angle between the polygon in the nth slab and the ver- 
tical. 
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tending to zero, so that the polygon just obtained ast the solution of the 
approximate problem tends to the desired solution of the original prob- 
lem. In this passage to the limit the equalities (1) are not affected, and 
therefore Bernoulli concludes that the solution must be a curve C with 
the following property: If œ is the angle between the tangent and the 
vertical at any point P of C, and h is the vertical distance of P from 
the horizontal line through A, then sin æ/4/Ā is constant for all points 
P of C. It can be shown very simply that this property characterizes 
the cycloid. 

Bernoulli’s “proof” is a typical example of ingenious and valuable 
mathematical reasoning which, at the same time, is not at all rigorous. 
There are several tacit assumptions in the argument, and their justifica- 
tion would be more complicated and lengthy than the argument itself. 
For example, the existence of a solution C, and the fact that the solution 
of the approximate problem approximates the actual solution, were both 
assumed. The question as to the intrinsic value of heuristic considera- 
tions of this type certainly deserves discussion, but would lead us too 
far astray. 








4. Geodesics on a Sphere. Geodesics and Maxi-Minima 


In the introduction to this chapter we mentioned the problem of 
finding the shortest arcs joining two given points of a surface. Ona 
sphere, as is shown in elementary geometry, these “geodesics” are arcs of 
great circles. Let P and Q be two (not diametrically opposite) points 
on a sphere, and e the shorter connecting arc of the great cirele through 
P and Q. Then the question presents itself, what is the longer arc e’ 
of the same great circle? Certainly it does not give the minimum 
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length, nor can it give the maximum length for curves joining P and Q, 
since arbitrarily long curves between P and Q can be drawn. The 
answer is that c’ solves a maxi-minimum problem. Consider a point 
S on a fixed great circle separating P and Q; we ask for the shortest 
connection between P and Q on the sphere passing through S. Of 
course, the minimum is given by 4 curve consisting of two small arcs of 
great circles PS and QS. Now we seek a position of the point S for 
which this smallest. distance PSQ becomes as large as possible. The 

olution is: S must be such that PSQ is the longer are c’ of the great 
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Fig. 239. Geodesica on a sphere, 


circle PQ. We may modify the problem by first seeking the path of 
shortest length from P to Q passing through n prescribed points, 8S, , 
Se, °°, Sa, on the sphere, and then seeking to determine the points 
Si, °°: , S, so that this minimum length becomes as large as possible. 
The solution is given by a path on the great circle joining P and Q, but 
this path winds around the sphere so often that it passes through the 
points diametrically opposite P and Q exactly n times. 

This example of a maximum-minimum problem is typical of a wide 
class of questions in the calculus of variations that have been studied 
with great success by methods developed by Morse and others. 


§11. EXPERIMENTAL SOLUTIONS OF MINIMUM PROBLEMS. 
SOAP FILM EXPERIMENTS 


1. Introduction 


It is usually very difficult, and sometimes impossible, to solve varia- 
tional problems explicitly in terms of formulas or geometrical construc- 
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tions involving known simple elements. Instead, one is often satisfied 
with merely proving the existence of a solution under certain couditions 
and afterwards investigating properties of the solution. In many cases, 
when such an existence proof turns out to be more or less difficult, it is 
stimulating to realize the mathematical conditions of the problem by 
corresponding physical devices, or rather, to consider the mathematical 
problem as an interpretation of a physical phenomenon. The existence 
of the physical phenomenon then represents the solution of the mathe- 
inatical problem. Of course, this is only a plausibility consideration and 
not a mathematical proof, since the question still remains whether the 
mathematical interpretation of the physical event is adequate in a strict 
sense, or whether it gives only an inadequate image of physical reality’. 
Sometimes such experiments, even if performed only in the imagina- 
tion, are convincing even to mathematicians. In the nineteenth century 
many of the fundamental theorems of function theory were discovered 
by Riemann by thinking of simple experiments concerning the flow 
of electricity in thin metallic sheets, 
In this section we wish to discuss, on the basis of experimental demon- 
strations, one of tlie deeper problems of the calculus of variations. This 
problem has been called Piateau’s problem, because Plateau (1801-1883), 
a Belgian physicist, made interesting experiments on this subject. The 
problem itself is much older and goes back to the initial phases of the 
calculus of variations. In its simplest form it is the following: to find 
the surface of smallest area bounded by a given closed contour in space. 
We shall also discuss experiments connected with some related ques- 
tions, and it will turn out that much light can thus be thrown on some 
of our previous results as well as on certain mathematical problems of a 
new type. 


2. Soap Film Experiments 


Mathematically, Plateau’s problem is connected with the solution of 
a “partial differential equation,” or a system of such equations. Euler 
showed that all (non-plane) minimal surfaces must be saddle-shaped and 
that the mean curvaturef at every point must be zero. The solution 
was shown to exist for many special cases during the last century, but 


} The mean curvature of a surface at a point P is defined in the following way: 
Consider the perpendicular to the surface at P, and all planes containing it. These 
planes will intersect the surface in curves which in general have different curva- 
tures at P. Now consider the curves of minimum and maximum curvature 
respectively. (In general, the planes containing these curves will be perpen- 
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the existence of the solution for the general case was proved only 
recently, by J. Douglas and by T. Rado. 

Plateau’s experiments immediately yield physical solutions for very 
general contours. If one dips any closed contour made of wire into a 
liquid of low surface tension and then withdraws it, a film in the form 
of a minimal surface of least area will span the contour. (We assume 
that we may neglect gravity and other forces which interfere with the 
tendency of the film to assume a position of stable equilibrium by 
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the potential energy due to surface tension.) A good recipe for such a 
liquid is the following: Dissolve 10 grams of pure dry sodium oleate in 





Fig, 240, Cubio frame spanning a soap film system of 13 nearly plane surfaces. 


500 grams of distilled water, and mix 15 cubic units of the solution with 
11 cubic units of glycerin. Films obtained with this solution and with 
frames of brass wire are relatively stable. The frames should not 
exceed five or six inches in diameter. 

With this method it is very easy to “‘solve” Plateau’s problem simply 
by shaping the wire into the desired form. Beautiful models are ob- 
tained in polygonal wire frames formed by a sequence of edges of a 
regular polyhedron. In particular, it is interesting to dip the whole 
frame of a cube into such a solution. The result is first a system of 
different surfaces meeting each other at angles of 120° along lines of 
intersection. (If the cube is withdrawn carefully, there will be thirteen 
nearly plane surfaces.) Then.we may pierce and destroy enough of 


dicular to each other.) One-half the sum of these two curvatures is the mean 
curvature of the surface at P. 
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these different surfaces so that only one surface bounded by a closed 
pelygon remains. Several beautiful surfaces may be formed in this 
way. The same experiment can also be performed with a tetrahedron. 


3. New Experiments on Plateau’s Problem 


The scope of soap film experiments with minimal surfaces is wider 
than these original demonstrations by Plateau. In recent years the 
problem of minimal surfaces has been studied when not only one but 
any number of contours is prescribed, and when, in addition, the 
topological structure of the surface is more complicated. For example, 
the surface might be one-sided or of genus different from zero. These 
more general problems produce an amazing variety of geometrical 





\ 


Fig. 241, One-sided surface (Moebius strip). Fig. 242. Two-sided aturface. 


phenomena that can be exhibited by soap film experiments. In this 
connection it is very useful to make the wire frames flexible, and to 
study the effect of deformations of the prescribed boundaries on the 
solution. 

We shall describe several examples: 

1) If the contour is a circle we obtain a plane circular disk. If we 
continuously deform the boundary circle we might expect that the 
minimal surface would always retain the topological character of a disk. 
This is not the case. If the boundary is deformed into the shape 
indicated by Figure 241, we obtain a minimal surface that is no longer 
simply connected, like the disk, but is a one-sided Moebius strip. Con- 
versely, we might start with this frame and with a soap film in the shape 
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of a Moebius strip. We may deform the wire frame by pulling handles 
soldered to it (Fig. 241). In this process we shall reach a moment when 
suddenly the topological character of the film changes, so that the sur- 
face is again of the type of a simply connected disk (Fig. 242). Re- 
versing the deformation we again obtain a Moebius strip. In this 
alternating deformation process the mutation of the simply connected 
surface into the Moebius strip takes place at a later stage. This shows 
that there must be a range of shapes of the contour for which both the 
Moebius strip and the simply connected surface are stable, i.e. furnish 
relative minima. But when the Moebius strip has a much smaller area 
than the other surface, the latter is too unstable to be formed. 

2) We may span a niinimnal surface of revolution between two circles. 
After the withdrawal of the wire frames from the solution we find, not 
one simple surface, but a structure of three 
surfaces meeting at angles of 120°, one of 
which is a simple circular disk parallel to the 
prescribed boundary circles (Figure 243). 
By destroying this intermediate surface the 
classical catenoid is produced (the catenoid 
is the surface obtained by revolving the cat- 
enary of page 382 about a line perpendicular 
to its axis of symmetry). If the two bound- 
ary circles are pulled apart, there is a mo- 
ment when the doubly connected minimal 
surface (the catenoid) becomes unstable. At 
this moment the catenoid jumps discontinu- 
ously into two separated disks. This process is, of course, not reversible. 

3) Another significant exainple is provided by the frame of Figures 
244-6 in which can be spanned three different minimal surfaces. Each 
is bounded by the same simple closed curve; one (Figure 244) has the 
genus 1, while the other two are simply connected, and in a way sym- 
metrical to each other. The latter have the same area if the contour is 
completely symmetrical. But if this is not the case then only one gives 
the absolute minimum of the area while the other will give a relative 
minimum, provided that the minimum is sought among simply connected 
surfaces. The possibility of the solution of genus 1 depends on the fact 
that by admitting surfaces of genus 1 one may obtain a smaller area 
than by requiring that the surface be simply connected. By deforming 
the frame we must, if the deformation is radical enough, come to a point 
where this is no longer true. At that moment the surface of genus 1 





Fig. 243. System of three surfaces. 
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becomes more and more unstable and suddenly jumps discontinuously 
into the simply connected stable solution represented by Figure 245 or 
246. If we start with one of these simply connected solutions, such as 
Figure 246, we may deform it in such a way that the other simply 
connected solution of Figure 245 becomes much more stable. The 
consequence is that at a certain moment a discontinuous transition 
from one to the other will take place. By slowly reversing the deforma- 





fins 


Fig. 244. Fig. 245. Fig. 248. 
Frame spanning three different surfaces of genus O ancl 1. 





Fig. 247. 
One-sided minimal surface of higher topological structure in a single contour. 


tion, we return to the initial position of the frame, but now with the 
other solution init. We can repeat the process in the opposite direction, 
and in this way swing back and forth by discontinuous transitions 
between the two types. By carcful handling, onc may also transform 
discontinuously either one of the simply connected solutions into that of 
genusl. For this purpose we have to bring the disk-like parts very close 
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to each other, so that the surface of genus 1 becomes markedly more 
stable. Sometimes in this process intermediate pieces of film appear 
first and have to be destroyed before the surface of genus 1 is obtained. 

This example shows not only the possibility of different solutions of 
the same topological type, but also of another and different type in 
one and the same frame; moreover, it again illustrates the possibility of 
discontinuous transitions from one solution to another while the condi- 
tions of the problem are changed continuously. It is easy to construct 
more complicated models of the same sort and to study their behavior 
experimentally. 

An interesting phenomenon is the appearance of minimal surfaces 
bounded by two or more interlocked closed curves. For two circles 
we obtain the surface shown in Figure 248. If, in this example, the 
circles are perpendicular to each other and the 
line of intersection of their planes is a dia- 
meter of both circles, there will be two sym- 
metrically opposite forms of this surface with 
equal area. If the circles are now moved 
slightly with respect to each other, the form 
will be altcred continuously, although for each 
position only one form is an absolute mini- 
mum, and the other one a relative minimum. 
If the circles are moved so that the relative 
minimum is formed, it will jump over into Fig. 248. Interlocked curves. 
the absolute minimum at some point. Here 
both of the possible minimal surfaces have the same topological character, 
as do the surfaces of Figures 245-6 one of which can be madc to jump 
into the other by a slight deformation of the frame. 





4, Experimental Solutions of Other Mathematical Problems 


Owing to the action of surface tension, a film of liquid is in stable equi- 
librium only if its area isa minimum. This is an inexhaustible source of 
mathematically significant experiments. If parts of the boundary of a 
film are left free to move on given surfaces such as planes, then on these 
boundaries the film will be perpendicular to the prescribed surface. 

We can use this fact for striking demonstrations of Steiner’s problem 
and its generalizations (see §5). Two parallel glass or transparent 
plastic plates are joined by three or more perpendicular bars. If we 
immerse this object in a soap solution and withdraw it, the film forms a 
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system of vertical planes between the plates and joining the fixed bars, 


The projection appearing on the glass plates is the solution of the prob- 
lem discussed on page 359. 
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Fig. 280. Shortest connection between 5 points. 


If the plates are not parallel, the bars not perpendicular to them, or 
the plates curved, then the curves formed by the film on the plates will 
not be straight, but will illustrate new variational problems. 
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The appearance of lines where three sheets of a minimal surface meet 
at angles of 120° may be regarded as the generalization to more dimen- 
sions of the phenomena connected with Steiner's problem. This 
becomes clear e.g. if we join two points A, B in space by three curves, 
and study the corresponding stable system of soap films. As the sim- 
plest case we take for one curve the straight segment AB, and for the 





Fig. 252, Three broken lines joining two points, 


others two congruent circular arcs. The result is shown in Figure 251. 
If the planes of the arcs form an angle of less than 120°, we obtain three 
surfaces meeting at angles of 120°; if we turn the two ares, increasing 
the included angle, the solution changes continuously into two plane 
circular segments. 
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Now let us join A and B by three more complicated curves. As an 
example we may take three broken lines each consisting of three edges 
of the same cube that join two diagonally opposite vertices: we ob- 
tain three congruent surfaces meeting in the diagonal of the cube. (We 
obtain this system of surfaces from that depicted in Fig. 240 by destroy- 
ing the films adjacent to three properly selected edges.) If we make the 
three broken lines joining A and B movable, we can see the line of 
threefold intersection become curved. The angles of 120° will be 
preserved (Fig. 252), 

All the phenomena where three minimal surfaces meet in certain lines 
are fundamentally of a similar nature. They are generalizations of the 
plane problem of joining n points by the shortest system of lines. 





Fig. 253. Demonstration that the olrele haa least perimeter for a given area, 


Finally, a word about soap bubbles. The spherical soap bubble shows 
that among all closed surfaces including a given volume (defined by 
the amount of air inside), the sphere has the least area. If we consider 
soap bubbles of given volume which tend to contract to a minimum 
area but which are restricted by certain conditions, then the resulting 
surfaces will be not spheres, but surfaces of constant mean curvature, of 
which spheres and circular cylinders are special examples. 

For example, we blow a soap bubble between two parallel glass plates 
which have previously been wetted by the soap solution. When the 
bubble touches one plate, it suddenly assumes the shape of a hemisphere; 
as soon as it also touches the other plate, it jumps into the shape of a 
circular cylinder. thus demonstrating the isoperimetric property of the 
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circle in a most striking way. The fact that the soap film adjusts itself 
vertically to the bounding surface is the key to this experiment. By 
blowing soap bubbles between two plates with perpendicular connecting 
rods, we can illustrate the problems discussed on pp. 378-9. 

We can study the behavior of the solution of the isoperimetric problem 
by increasing or decreasing the amount of air in the bubble, using a tube 
with a fine point. By sucking out air, however, we do not obtain the 
figures of page 378 consisting of circular arcs tangent to each other. As 
the volume of air included decreases, the angles of the circular triangle 
will (theoretically) not decrease below 120°; we obtain the shapes shown 
in Figures 254-5, which again tend to straight segments as in Figure 235 
as the area tends to zero. The mathematical reason for the failure of 


P P 


Figs. 254-4. Isoperimetric figures with boundary restrictions, 


soap films to form tangent arcs is the fact that as soon as the bubble 
separates from the vertices, the connecting lines must no longer be 
counted twice. The corresponding experiments are illustrated by 
Figures 256 and 257. 


* Exercise: Study the corresponding mathematical problem: acircular triangle 
is to be found including a given area and snch that its perimeter plus three seg- 
ments joining the vertices to the given pointa has a minimum length. 


A eubie frame inside of which we blow a bubble will provide surfaces 
of constant mean curvature with a quadratic base, if the bubble bulges 
out of theframe. As we remove air from the bubble by sucking through 
a straw, we obtain a sequence of beautiful structurcs which result in 
that of Figure 258. The phenomena of stability and transition between 
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different states of equilibria are a source of experiments that are very 
illuminating from the mathematical point of view. The experiments 
illustrate the theory of stationary values, sinee the transitions can be 
made to take place so as to lead through an unstable equilibrium which 
is a “stationary state.” 





Fig, 256 





Fra, 257 


For example, the eubieal strueture of Figure 240 exhibits asymmetry 
insofar as a vertical plane in the center conneets the twelve surfaces 
issuing from the edges, Hence there must be at least two other positions 
of equilibrium, one with a vertical and one with a horizontal central 
square. As a matter of fact, by blowing through a fine tube against 
the edges of this square, one can force the structure into a position 
where the square reduces to a point, the center of the cube; this position 
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of unstable equilibrium will immediately go into one of the other stable 
positions obtained from the original by a rotation through 90°. 

A similar experiment can be performed on the soap film that demon- 
strates Steiner’s problem for four points forming a square (Figs. 219-20). 

If we want to obtain the solutions of such problems as limiting cases 
of isoperimetric problems—for example, if we want to obtain Figure 240 
from Figure 258—we must suck the air out of the bubble. Now Figure 
258 is completely symmetric, and its limit for vanishing content of the 
bubble would be a symmetric system of 12 planes meeting at the center. 
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This can really be observed. But the position obtained as a limit is 
not in stable equilibrium; instead, it will change over into one of the 
positions of Figure 240. By using a somewhat more viscous liquid than 
that described above the whole phenomenon can be observed very 
easily. It exemplifies the fact that even in physical problems the solu- 
tion of a problem need not depend continuously on the data; for in the 
limiting case for volume zero the solution, given by Figure 240, is not 
the limit of the solution, given by Figure 258, for volume e as e tends to 


zero. 


CHAPTER VIII 
THE CALCULUS 


INTRODUCTION 


With an absurd oversimplification, the “invention” of the calculus is 
sometimes ascribed to two men, Newton and Leibniz. In reality, the 
calculus is the product of a long evolution that was neither initiated 
nor terminated by Newton and Leibniz, but in which both played a 
decisive part. Scattered over seventeenth century Europe, for the most 
part outside the schools, was a group of spirited scientists who strove 
to continue the mathematical work of Galileo and Kepler. By corre- 
spondence and travel these men maintained close contact. Two central 
problems held their attention. First, the problem of tangents: to deter- 
mine the tangent lines to a given curve, the fundamental problem of the 
differential calculus. Sccond, the problem of quadrature: to determine 
the area within a given curve, the fundamental problem of the integral 
calculus. Newton’s and Leibniz’ great merit is to have clearly recog- 
nized the intimate connection between these two problems. In their hands 
the new unified methods became powerful instruments of science. Much 
of the success was due to the marvelous symbolic notation invented by 
Leibniz. His achievement is in no way diminished by the fact that it 
was linked with hazy and untenable ideas which are apt to perpetuate 
a lack of precise understanding in minds that prefer mysticism to clarity. 
Newton, by far the greater scientist, appears to have been mainly in- 
spired by Barrow (1630-1677), his teacher and predecessor at Cambridge. 
Leibniz was morc of an outsider. A brilliant lawyer, diplomat, and 
philosopher, one of the most active and versatile minds of his century, 
he learned the new mathematics in an incredibly short time from the 
physicist Huygens while visiting Paris on a diplomatic mission. Soon 
afterwards he published results that contain the nucleus of the modern 
calculus. Newton, whose discoveries had been made much earlier, was 
averse to publication. Moreover, although he had originally found 
many of the results in his masterpiece, the Principia, by the methods 
of the calculus, he preferred a presentation in the style of classical 
geometry, and almost no trace of the calculus appears explicitly in the 
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Principia. Only later were his papers on the method of “fluxions” 
published. Soon his admirers started a bitter feud over priority with 
the friends of Leibniz. They accused the latter of plagiarism, although 
in an atmosphere saturated with the elements of a new theory, nothing 
is more natural than simultaneous and independent discovery. The 
resulting quarrel over priority in the “invention” of the calculus set an 
unfortunate example for the overemphasis on questions of precedence 
and claims to intellectual property that is apt to poison the atmosphere 
of natural scientific contact. 

In the mathematical analysis of the seventeenth and most of the 
eighteenth centuries, the Greek ideal of clear and rigorous reasoning 
seemed to have been discarded. “Intuition” and “instinct” replaced 
reason in many important instances. This only encouraged an uncritical 
belief in the superhuman power of the new methods. It was generally 
thought that a clear presentation of the results of the calculus was not 
only unnecessary but impossible. Had not the new science been in the 
hands of a small group of extremely competent men, serious errors and 
even debacle might have resulted. These pioneers were guided by a 
strong instinctive feeling that kept them from going far astray. But 
when the French Revolution opened the way to an immense extension 
of higher learning, when increasingly large numbers of men wished to 
participate in scientific activity, the critical revision of the new analysis 
could no longer be postponed. This challenge was successfully met in 
the nineteenth century, and today the calculus can be taught without 
a trace of mystery and with complete rigor. There is no longer any 
reason why this basic instrument of the sciences should not be under- 
stood by every educated person. 

This chapter is intended to serve as an elementary introduction in 
which the emphasis is on understanding the basic concepts rather than 
on formal manipulation. Intuitive language will be used throughout, 
but always in a manner consistent with precise concepts and clear 
procedure. 


§1. THE INTEGRAL 


1. Area as a Limit 


In order to calculate the area of a plane figure we choose as the unit 
of area a square whose sides are of unit length. If the unit of length is 
the inch, the corresponding unit of area will be the square inch; i.e. the 
square whose sides are of length one inch. On the basis of this definition 
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it is very easy to calculate the area of a rectangle. If p and q are the 
lengths of two adjacent sides measured in terms of the unit of length, 
then the area of the rectangle is pg square units, or, briefly, the area is 
equal to the product pg. This is true for arbitrary p and q, rational 
or not. For rational p and q we obtain this result by writing p = m/n, 
q = m'/n'’, with integers m, n, m’, n’. Then we find the common 
measure 1/N = 1/nn’ of the two edges, so that p = mn’-1/N, q = 
nm’.1/N. Finally, we subdivide the rectangle into small squares of 
side 1/N and area 1/N°. The number of such squares is nm’-mn’ and 
the total area is nm'mn’.1/N? = nm'mn'/n’n”? = m/n-m'/n' = pq. 
If p and ç are irrational, the same result is obtained by first replacing p 
and q by approximate rational numbers p, and q, respectively, and then 
letting p, and q, tend to p and q. 

It is geometrically obvious that the area of a triangle is equal to half 
the area of a rectangle with the same base b and altitude A; hence the 
area of a triangle is given by the familiar expression bh. Any domain 
in the plane bounded by one or more polygonal lines can be decomposed 
into triangles; its area, therefore, can be obtained as the sum of the areas 
of these triangles. 

The need for a more general method of computing areas arises when 
we ask for the area of a figure bounded, not by polygons, but by curves. 
How shall we determine, for example, the area of a circular disk or of a 
segment of a parabola? This crucial question, which is at the base of 
the integral calculus, was treated as early as the third century B.C. by 
Arch medes, who calculated such areas by a process of “exhaustion.” 
With Archimedes and the great mathematicians until the time of Gauss, 
we may take the “naive” attitude that curvilinear areas are intuitively 
given entities, and that the question is not to define, but to compute 
them (see, however, the discussion on p. 464). We inscribe in the 
domain an approximating domain with a polygonal boundary and a 
well defined area. By choosing another polygonal domain which in- 
cludes the former we obtain a better approximation to the given domain. 
Proceeding in this way, we can gradually “exhaust” the whole area, and 
we obtain the area of the given domain as the limit of the areas of a 
properly chosen sequence of inscribed polygonal domains with an in- 
creasing number of sides. The area of a circle of radius 1 may be com- 
puted in this way; its numerical value is denoted by the symbol x. 

Archimedes carried out this general scheme for the circle and for the 
parabolic segment. During the seventeenth century many more cases 
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were successfully treated. In each case, the actual calculation of the 
limit was made to depend on an ingenious device specially suited to the 
particular problem. One of the main achievements of the calculus 
was to replace these special and restricted procedures for the calculation 
of areas by a general and powerful method. 


2. The Integral 


The first basic concept of the calculus is that of integral. In this 
article we shall understand the integral as an expression of the area 
under a curve by means of a limit. If a positive continuous function 
y = f(z) is given, e.g. y = x’ or y = 1 + cos z, then we consider the 
domain bounded below by the segment on the z-axis from a coGdrdinate 
a to a greater codrdinate b, on the sides by the perpendiculars to the 
z-axis at these points, and above by the curve y = f(z). Our aim is to 
calculate the area A of this domain. 


y=f(z) 





0 a b 


Fig. 259. The integral as an area. 


Since such a domain cannot, in general, be decomposed into rectangles 
or triangles, no immediate expression of this area A is available for 
explicit calculation. But we can find an approximate value for A, and 
thus represent A as a limit, in the following way: We subdivide the 
interval from x = a to x = b into a number of small subintervals, erect 
perpendiculars at each point of subdivision, and replace each strip of 
the domain under the curve by a rectangle whose height is chosen 
somewhere bctween the greatest and the least height of the curve in that 
strip. The sum S of the areas of these rectangles gives an approximate 
value for the actual area A under the curve. The accuracy of this ap- 
proximation will be better the larger the number of rectangles and the 
smaller the width of each individual rectangle. Thus we can charac- 
terize the exact area as a limit: If we form a sequence, 
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(1) Si, Se, Stee, 


proximations to the area under the in such 


au a ad ver er 


of rectangular 


ap the ve in a 
manner that the width of the widest rectangle in S, tends to 0 as n 
increases, then the sequence (1) approaches the limit A, 


(2) Sa > A, 


and this limit A, the area under the curve, is independent of the particu- 
lar way in which the sequence (1) is chosen, so long as the widths of the 
approximating rectangles tend to zero. (For example, S, can arise 
from Sy, by adding one or more new points of subdivision to those 
defining S,-1, or the choice of points of subdivision for S, can be en- 
tirely independent of the choice for S,..) The area A of the domain, 
expressed by this limiting process, we call by definition the integral of 
the function f(x) from a tob. With a special symbol, the “integral sign,” 
it is written 


(3) A= IEE dr. 


The symbol f, the “dz,” and the name “integral” were introduced 
by Leibniz in order to suggest the way in which the limit is obtained. 
To explain this notation we shall repeat in more detail the process of 
approximation to the area A. At the same time the analytic formula- 
tion of the limiting process will make it possible to discard the restrictive 
assumptions f(x) > 0 and b > a, and finally to eliminate the prior in- 
tuitive concept of area as the basis of our definition of integral (the latter 
will be done in the supplement, §1). 

Let us subdivide the interval from a to b into n small subintervals, 
which, for simplicity only, we shall assume to be of equal width, 
(b — a)/n. We denote the points of subdivision by 


To = G, m= at --—, 


moat Oi... naa + Wu 


= b. 


We introduce for the quantity (b — a)/n, the difference between consecu- 
tive x-values, the notation Az (read, “delta z”), 


b—a 





Az = = Tiy — Tj, 


where the symbol A means simply “difference” (it is an “operator” 
symbol, and must not be mistaken for a number.) We may choose as 
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O a Ze Zal b 
Fig. 280. Area approximated by small rectangles, 


the height of each approximating rectangle the value of y = f(z) at the 
right-hand endpoint of the subinterval. Then the sum of the areas 
of these rectangles will be 


(4) Sn = f(z) Axr + f(z2)- Ax + =. + f(Zn)- Az, 
whicli is abbreviated as 
(5) Sn = 2 f(2;) ÅT. 


Here the symbol >. (read “sigma from 7 = 1 to n”) means the sum of 
j=l 


all the expressions obtained by letting j assume in turn the values 
1, 2, 3, n. 


The use of the symbol > to express in concise form the result of a summation 
may be illustrated by the following examples: 


10 
2+3+4+-0 +102 Diy, 
=i 
1+2+3+--. tn= Doi 
=i 
12-4 2? -+4+ 927 4... tnt = >i p, 
jmi 


ag + ag? + ee + ag" = Dy 2% 
=i 


a + (a +d) + (a+2d) ++- + (a tnd) = $ (a + jd). 
4m0 
Now we form a sequence of such approximations $, in which n in 
creases indefinitely, so that the number of terms in each sum (5) im 
creases, while each single term f(x;)Ax approaches 0 because of the factor 
A x = (b — a)/n. As n increases, this sum tends to the area A, 
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(6) A = lim 2, f(r)âzr = J f(x) dz. 
jul . a 


Leibniz symbolized this passage to the limit from the approximating 
sum S, to A by replacing the summation sign >> by f and the dif- 
ference symbol A by the symbol d. (The summation symbol >> was 
usually written S in Leibniz’ time, and the symbol f is merely a stylized 
S.) While Leibniz’ symbolism is very suggestive of the manner in 
which the integral is obtained as the limit of a finite sum, one must be 
careful not to attach too much significance to what is, after all, a pure 
convention as to how the limit shall be denoted. In the early days of 
the calculus, when the concept of limit was not clearly understood and 
certainly not always kept in mind, one explained the meaning of the 
integral by saying that “the finite difference Ar is replaced by the in- 
finitely small quantity dz, and the integral itself is the sum of infinitely 
many infinitely small quantities f(z) dz.’ Although the infinitely 
small has a certain attraction for speculative souls, it has no place in 
modern mathematics. No useful purpose is served by surrounding the 
clear notion of the integral with a fog of meaningless phrases. But 
even Leibniz was sometimes carried away by the suggestive power of his 
symbols; they work as if they denote a sum of “infinitely small” quanti- 
ties with which one can nevertheless operate to a certain extent as with 
ordinary quantities. In fact, the word integral was coined to indi- 
cate that the whole or integral area A is composed of the “‘infinitesi- 
mal” parts f(z) dz. At any rate, it was almost a hundred years after 
Newton and Leibniz before it was clearly recognized that the limit 
concept and nothing else is the true basis for the definition of the 
integral. By firmly staying on this basis we may avoid all the haze, 
all the difficulties, and all the nonsense so disturbing in the early de- 
velopment of the calculus. 


3. General Remarks on the Integral Concept. General Definition 


In our geometrical definition of the integral as an area we assumed 
explicitly that f(z) is never negative throughout the interval [a, b] of 
integration, i.e. that no portion of the graph lies below the z-axis. But 
in our analytic definition of the integral as the limit of a sequence of 
sums 3S, this assumption is superfluous. We simply take the small 
quantities f(z,;)- Ax, form their sum, and pass to the limit; this procedure 
remains perfectly meaningful if some or all of the values f(z;) are nega- 
tive. Interpreting this geometrically by means of areas (Fig. 261), we 
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Fig. 261, Positive and negative areas, 


find the integral of f(z) to be the algebraic sum of the areas bounded by 
the graph and the z-axis, where areas lying below the z-axis are counted 
as negative and the others positive. 


b 
It may happen that in applications we are led to integrals f f(x) dx 


where b is less than a, so that (b — a)/n = Az is a negative number. 
In our analytic definition we have f(z;)- Az negative if f(x;) is positive 
and Ax negative, etc. In other words, the value of the integral will be 
the negative of the value of the integral from b to a. Thus we have 
the simple rule 


[1 dr = - f Koar. 


We must emphasize that the value of the integral remains the same 
even if we do not restrict ourselves to equidistant points x; of sub- 


Aqiann mar w hant tha onma tn annn lT ewediffarannnaa Ar = r, — P., 
division, Uli; HUAL 18 ULIC HOGI, tO cyuai z-ai erences ant — A4 a fo 


We may choose the z; in other ways, so that the differences 
Az; = Zj — zx; are not equal (and must accordingly be distinguished 
by subscripts). Even then the sums 


n = f(t1)At + f(a) Ax + +++ + f(tn)AtA-1 
and also the sums 


Si = f(to) Ato + f(t) Ar + e+ + f(a) At 


b 
will tend to the same limit, the value of the integral Í f(x) dz, if only 


= See eee ain n all th Ae nnac — y na 
care is taken that with MII asl fe all © UL ffere ICUS Az; = ej ty 


tend to zero in such a way that the ‘largest such difference for a given 
value of n approaches zero as n increases. 
Accordingly, the final definition of the integral is given by 


(6a) f f(z) dz = lim > fudar, 
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as n— co, In this limit v; may denote any point of the interval 
z; S v; S Lj, and the only restriction for the subdivision is that the 
longest interval Ax; = zj} — x; must tend to zero as n increases. 


a Uy i vz Tat Vn b 
i 
i 


The existence of the limit (6a) does not need a proof if we take for 
granted the concept of the area under a curve and the possibility of 
approximating this area by sums of rectangles. However, as will ap- 
pear in a later discussion (p. 464), a closer analysis shows that it is de- 
sirable and even necessary for a logically complete presentation of the 
notion of integral to prove the existence of the limit for any continuous 
function f(z) without reference to a prior geometrical concept of area, 


4. Examples of Integration. Integration of x‘ 


Until now our discussion of the integral has been merely theoretical. 
The crucial question is whether the general pattern of forming a sum S,, 
and then passing to the limit actually leads to tangible results in con- 
crete cases. Of course, this will require some additional reasoning 
adapted to the specific function f(x) for which the integral is to be found. 
When Archimedes two: thousand years ago found the area of the para- 
bolic segment, he performed what we now call the integration of the 
function f(x) = x° by a very ingenious device; in the seventeenth century 
the forerunners of the modern calculus succeeded in solving problems of 
integration for simple functions such as x”, again by special devices. 
Only after much experience with specific cases was a general approach 
to the problem of integration found in the systematic methods of the 
calculus, and thus the scope of solvable individual problems was greatly 
widened. In the present article we shall discuss a few of the instructive 
special problems belonging to the ‘‘pre-calculus” stage, for nothing can 
better illustrate integration as a limiting process. 

a) We start with a quite trivial example. If y = f(z) is a constant, 
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b 
for example f(z) = 2, then obviously the integral | 2 dz, understood as 


an area, is 2(b — a), since the area of a rectangle is equa! to base times 
altitude. We shall compare this result with the definition of the in- 
tegral (6) as a limit: If we substitute in (5) f(z;) = 2 for all values of 
J, we find that 


S, = do f(z)Ar = D> 2Ar = 2 È Ax = 2b — a) 
j=l j=l j=1 
for every n, since 


S ar = (z — r) + (te — a) foe 


j=l 


+ (£n — Tna) = In — to = b — a. 


b 
b) Almost as simple is the integration of f(x) = x. Here | xdr is 


ea -— al 


the area of a trapezoid (Fig. 263), and this, by elementary geometry, is 


This result again agrees with the definition (6) of the integral, as is seen 
by an actual passage to the limit without making use of the geometrical 
figure: If we substitute f(z) = zx in (5), then the sum S, becomes 


S, = } rAz = D> (a+ jaz)az 
j=l jul 


= (na + Ax + 2Ar + 3Ar + .--- + nAz)Az 
nadx + (Ar(1+24+34.--. +a). 


Using the formula (1) on page 12. for the arithmetical series 
1+2+3+.---+ A, we have 


S, = nar + mae (Az)’, 


Since Ar= ae , this is equal to 


S, = alb — a) + 40 — a) + = C — a). 


If now we let n tend to infinity, the last term tends to zero, and we 
obtain 


lim S, = fa dz = a(b — a) + 4(6 — a)’ = 40° — a’), 
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in conformity with the geometrical interpretation of the integral as an 
area. 

c) Less trivial is the integration of the function f(z) = 2’. Archi- 
medes used geometrical methods to solve the equivalent problem of 
finding the area of a segment of the parabola y = x’. We shall proceed 
analytically on the basis of the definition (6a). To simplify the formal 
calculation we choose 0 as the “lower limit” a of the integral; then 


roof 


Oj a b 0 b 
Fig. 263. Area of a trapezoid. Fig. 264. Area undor s parabola. 
= b/n. Since r; = j-Az and f(z;) = 7*(Az)’, we obtain for S, the 
expression 


S, = ng f(jaz)az = [1 (Ax)? + F. (Ar? +... + W(Az)’]. Az 
= (P + 2? 4+... + n’ lar. 


Now we can actually calculate the limit. Using the formula 


Ppp... +n REUEN 


established on page 14, and making the substitution Az = b/n, we 
obtain 


TP isl Jaa eaten (2+ 2). 
n 


nè 


This preliminary transformation makes the passage to the limit an 
easy matter, since 1/n tends to zero as n increases indefinitely. Thus 
3 


3 
we obtain as limit simply Č J -1-2 = g , and thereby the result 


b 
J z’ dr = b*/3, 
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Applying this result to the area from 0 to a we have 
Í z’ dr = a'/3, 
0 


and by subtraction of the areas, 


b p? — aè 
2 — 
[ 2 az = 3° 





Exercise: Prove in the same way, using formula (5) on page 15 that 
b 
bi — rrt 
f y dz = = . 
a 4 


By developing general formulas for the sum 1* -+ 2* + --- -+ n* of the kth 
powers of the integers from 1 to n, one can obtain the result 





bE — ght oo 
(7) [ atdz = eat? k any positive integer. 


* Instead of proceeding in this way, we can obtain more simply an even more 
general result by utilizing our previous remark that we may calculate the integral 
by means of non-equidistant points of subdivision, We shall establish formula 
(7) not only for any positive integer k but for an arbitrary positive or negative 
rational number 


k= uv, 


where u is a positive integer and v is a positive or negative integer. Only the 
value k = —1, for which formula (7) becomes meaningless, is excluded, We 
shall also suppose that 0 < a < b, 
To obtain the integral formula (7), we form S, by choosing the points of sub- 
division £o = a, Zy , Z3, *'* , Zn = bin geometrical progression. We set Yè z Qi 
a 
so that b/a = g", and define zo = a, £1 = ag, 2, = ag?, ..., Zn = ag” = b. By this 
device, as we shall see, the passage to the limit becomes very easy. For the 
‘rectangle sum” S, we find, since f(z;) = z; = gigi and Az; = 244, — z; = 
ag’! — aq}, 


Sa = a*(ag — a) + atg*(ag? — ag) + atg* (aq? — aq’) 
ohne t agag — agM). 
Since each term contains the factor a*(aqg — a), we may write 
Sa = a!(q — LLL + gt H gp oe H gin ery 


Substituting ¢ for gt! we see that the expression in braces is the geometrical series 
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nm — 
1 +t + 2+ --- -+l whose sum, as shown on page 13, is But (* = 


i — 
b\ Et peri 
gnarl) = C) ei" Hence 


peti = q*tl etl — aq**! 
(8) seg Pe N ? 
where 
gti — 1 
parry 


Thus far n has been a fixed number. Now we shall let n increase, and determine 


the limit of N. Asn increases, the nth root Yb z q will tend to 1 (see p. 323), 
a 


and therefore both numerator and denominator of N will tend to zero, which 
makes caution necessary. Suppose first that k is a positive integer; then 
the division by q — 1 can be carried out, and we obtain (see p. 13) N = 
g+! -+ +g -+1. If now n increases, g tends to land hence g?, q?, eee, ¢* 
will also tend to 1, so that N approaches k + 1. But this shows that S, tends to 
Bal —_ q*t! 
k+1 
Exercise: Prove that for any rational k = —1 the same limit formula, N -> 
k + 1, and therefore the result (7), remains valid. First give the proof, according 
to our model, for negative integers k. Then, if k = u/v, write g'/* = s and 


gti)» — l git ty — 1 gute — ft — ] 


#—-1 #1 s—-lf/e-l- 


, 88 was to be proved. 














If n increases, both s and g tend to 1, and therefore the two quotients on the 
ut 





right hand side tend to u + v and v respectively, which yields again =k+1 


for the limit of N. 

In §5 we shall see how this lengthy and somewhat artificial discussion may be 
replaced by the simpler and more powerful methods of the calculus. 

Exercises: 1) Check the preceding integration of x* for the cases k = 4, —}, 
2, —2, 3, —3. 

2) Find the values of the integrals: 


a | +1 2 -1 n 
a) [ zdz. b) f zdz. c) f æder. d) [ xdr. œ) f zdz. 
2 1 1 1 0 


3) Find the values of the integrals: 
+1 1 H” + 
a) [ a dz. b) [ cos rdr. c) [ zt cos? z gin? zdz. d) [ tan z dz. 
i 1 1 t 


(Hint: Consider the graphs of the functions under the integral sign, take into 
account their symmetry with respect to x = 0, and interpret the integrala as areas.) 

*4) Integrate sin x and cos x from 0 to b by substituting Az = A and using the 
formulas of page 488. 
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5) Integrate f(z) = z and f(r) = z? from 0 tod by subdividing into equal parts 
and by using in (6a) the values r; = $(a7j + ziy). 

*6) Using the result (7) and the definition of the integral with equal values 
of Az prove the limiting relation: 


14+ aia ee tink E 
~oo amh k+1°” . 


1 1 
(Hint: Set 7> Az and show that the limit is equal to Í z* dz.) 


*7) Prove for n — œ: 


] 1 1 1 - 
—{| ——— + — + =» —n 4} OO? 2—1). 
wa VY2+n + Ea v ) 
(Hint: Write this sum so that its limit appears as an integral.) 
8) Calculate the area of a parabolic segment bounded by an are P,P; and the 


chord P,P, of a parabola y = az? in terms of the coérdinates x, and zz of the two 
points. 


5. Rules for the ‘‘Integral Calculus” 


An important step in the development of the calculus was taken when 
certain general rules were formulated by means of which more involved 
problems could be reduced to simpler ones and thereby be solved by an 
almost mechanical procedure. This algorithmic feature is particularly 
emphasized by Leibniz’ notation. Still, too much concentration on the 
mechanics of problem solving can degrade the teaching of the calculus 
into an empty drill. 

Some simple rules for integrals follow at once either from the defini- 
tion (6) or from the geometrical interpretation of integrals as areas. 

The integral of the sum of two functions ts equal to the sum of the integrals 
of the two functions. The integral of a constant c times a function f(x) 
ts c times the integral of f(x). These two rules combined are expressed 
in the formula 


b b b 
(9) f [ef(x) + dg(x)] dz = ef f(x) dx + af g(x) dz. 
ollows immediately from the definition of the integral as the 
limit of the finite sum (5), since the corresponding formula for a sum 
S, is obviously true. The rule extends immediately to sums of more 
than two functions. 
As an example of the use of this rule we consider a polynomial, 


f(z) = ao + az + ar + --. + a2”, 
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where the coefficients ao, @i, --- , aa are constants. To form the in- 
tegral of f(x) from a to b, we proceed termwise, according to the rule. 
Using formula (7) we find 
b 
[ Kæ) dz = ob — a) + a 


b? — a prt _ grt 
gz to ta Fi 
Another rule, obvious both from the analytic definition and the geometric 
interpretation, is given by the formula: 

Pe) det Pte dr = [Ao da 


f y fan\ Ja ar ae f aa 
(10) J f(z) LL + J fiz) dz — J Jiz) dz. 
a b a 





Furthermore, it is clear that the integral becomes zero if b is equal to a. 
The rule of page 405, 


a1) [ toaz = - fsa) az, 


ia in agreement with the last two rules, since it corresponds to (10) for 
c= 4. 

Sometimes it is convenient to use the fact that the value of the in- 
tegral in no way depends upon the particular name z chosen for the 
independent variable in f(x); for example 


[ 1 dr = [ rw du = [1 di, ete. 


For a mere change in the name of the coérdinates in the system to which 
the graph of the function refers does not alter the area under the curve. 
The same remark applies even if we make certain changes in the co- 
ordinate system itself. For example, let us shift the origin to the right 
by one unit from O to O’, as in Figure 265, so that z is replaced by a 


Y 4r=y 
i 
I 
I 
I 
I 
| 





| 
| f(z)#f (+r) 
Fig, 265 Bhifting of v-azie. 


RULES FOR “INTEGRAL CALCULUS” 413 


new codrdinate x’ such that r = 1+ z’. A curve with the equation 
y = f(x) will have in the new codrdinate system the equation 
y =f +x). (Eg.y= 1/2 =1/(1+2’).) A given area A under this 
curve, say between x = 1 and x = b, is, in the new coordinate system, 
the area under the arch between x’ = 0 and z’ = b — 1. Thus we have 


I ' Kæ) de = ll fl + 2!) ae! 


or, changing the name 2’ to u, 








b ġ—1 
(12) [a= f satwau 
For example, 
12 b 1 b—1 1 
( a) J z4r = Í ppu 
and for the function f(x) = 
b b-1 
(12b) f z* dx = f (1 + u)* du. 
1 0 
Similarly 
KhALALLLLGLL Vy 
b b—1 
(12c) f a* dz = [ (1 + u)* du (k > 0). 
o 1 
Bett 
Since the left side of (12c) is equal to EFT’ we obtain 
b—1 ptt? 
(12d) [ a+tu'dus 2. 
vj KT 1 


Exercises; 1) Calculate the integral of 1 + x + z! + --- + 2" from 0 to b. 
2) For n > 0 prove that the integral of (1 + x)" from —1 to z is equal to 


(1 + z)nti 
(n + 1) 


3) Show that the integral from 0 to 1 of z" sin z is smaller than 1/(n + 1)» 
(Hint: The latter value is the integral of z*). 
4) Prove directly and by use of the binomial theorem that the integral from 
of + a)" ht ae zjn 





—ltoz 
San + 1) +1)° 
Finally we mention two important rules which have the form of 
inequalities. These rules permit rough, but useful, appraisals of the 


values of integrals. 
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We suppose that b > a and that the values of f(x) in the interval 
nowhere exceed those of another function g(z). Then we have 


b b 
(13) [ se) dz < | g(x) da, 
as is immediately clear either from Figure 266 or from the analytic defini- 


g (2) 


Jia) 


T 
0 a è 


Fig. 260. Comparison of integrals. 
tion of the integral. In particular, if g(x) = M is a corstant not ex- 
ceeded by the values of f(z), we have Jao) dr = fu dz = M (b — a). 
It follows that i i 
(14) [ te dx < M(b — a). 


If f(x) is not negative, then f(z) = |f(z)|. If f(r) < 0, then 
[ f(z) | > f(z). Hence, setting g(r) = | f(x) | in (18), we obtain the 
useful formula 


(15) [ ne) ae < [1 fe) | ae. 
Sines: larai = e wea have 
- f fæ) dz < f | fee) ldz, 
which, together with (15), yields the somewhat stronger inequality 
(16) [[ 1) ae| < f "| fle) | de. 





$2. THE DERIVATIVE 


1. The Derivative as a Slope 


While the concept of integral has its roots in antiquity, the other 
basic concept of the calculus, the derivative, was formulated only in 
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the seventeenth century by Fermat and others. It was the discovery 
by Newton and Leibniz of the organic interrelation between these two 
seemingly quite diverse concepts that inaugurated an unparalleled 
development of mathematical science. 

Fermat was interested in determining the maxima and minima of a 
function y = f(x). Inagraphof the function, a maximum corresponds 
to a summit higher than all other neighboring points, while a minimum 
corresponds to the bottom of a valley lower than all neighboring points. 
In Figure 191 on page 342 the point B is a maximum and the point C a 
minimum. To characterize the points of maximum and minimum 
it is natural to use the notion of tangent of a curve. We assume that 
the graph has no sharp corners or other singularities, and that at every 
point it possesses a definite direction given by a tangent line. At 
maximum or minimum points the tangent of the graph y = f(z) must 
be parallel to the z-axis, since otherwise the curve would be rising or 
falling at these points. This remark suggests the idea of considering 
quite generally, at any point P of the graph y = f(z), the direction of 
the tangent to the curve. 

To characterize the direction of a straight line in the z, y-plane it 
is customary to give its slope, which is the trigonometrical tangent of 
the angle a from the direction of the positive x-axis to the line. If P 
is any point of the line L, we proceed to the right to a point R and then 
up or down to the point Q on the line; then slope of L = tan a = a . 
The length PR is taken as positive, while RQ is taken as positive or nega- 
tive according as the direction from #& to Q is up or down, so that the 
slope gives the rise or fall per unit length along the horizontal when we 
proceed along the line from left to right. In Figure 267 the slope of 
the first line is 24, while the slope of the second line is —1. 


y 





Fig. 287. Slopes of lines. 
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By the slope of a curve at a point P we mean the slope of the tangent 
to the curve at P, As long as we accept the tangent of a curve as an 
intuitively given mathematical concept there remains only the problem 
of finding a procedure for calculating the slope. For the moment we shall 
accept this point of view, postponing to the supplement a closer analysis 
of the problems involved. 


2. The Derivative as a Limit 


The slope of a curve y = f(x) at the point P (x,y) cannot be calculated 
by referring to the curve at the point P alone. Instead, one must 
resort to a limiting process much like that involved in the calculation 
of the area under a curve. This limiting process is the basis of the 


differential calculus. We consider on the curve another point Pi, 
near P, with céordinates zı, yı The straight line joining P to Pı 


y 





AK fas z 


Fig. 268. The derivative as a limit. 


we Call 4; it is a secant of the curve, which approximates to the tan- 
gent at P when P, is near P. The angle from the z-axis to 4 we call a . 
Now if we let z, approach z, then P, will move along the curve toward 
P, and the secant ¢, will approach as a limiting position the tangent t 
to the curve at P. If a denotes the angle from the z-axis to ¢, then, as 
ti > x,t 


Yı >Y, P, > P, >t, and aa a. 


t Our notation here is slightly diferent from that in Chapter VI inasmuch 
as there we have x — zı , the latter value being fixed. No confusion should 
arise from this interchange of symbols, 
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The tangent ts the limit of the secant, and the slope of the tangent is the 
limit of the slope of the secant. 

Although we have no explicit expression for the slope of the tangent 
t itself, the slope of the secant t, is given by the formula 

slope of 4; = yi = y _ fe) — Se) ; 
tı — 2 Tı— r 

or, if we again denote the operation of forming a difference by the 
symbol A, 


_ Ay _ Af(z) 

slope of ?, = a An 

The slope of the secant ¢, is a “difference quotient’’—-the difference Ay 
of the function values, divided by the difference Az of the values of the 


independent variable. Moreover, 





f(z va — £9) Ay 


slope of t = limit of slope of t = lim == = lim 
where the limits are evaluated as zı > z, i.e. as Az = ti — 1—0. The 
slope of the tangent t to the curve is the limit of the difference quotient 
Ay/Ax as Ax = X, — x approaches zero. 

The original function f(z) gave the height of the curve y = f(x) for 
the value r. We may now consider the slope of the curve for a variable 
point P with the coérdinates x and y [= f(z)] as a new function of z 
which we denote by f'(x) and call the derivative of the function f(z). 
The limiting process by which it is obtained is called differentiation of 
f(z). This process is an operation which attaches to a given function 
t(x) another function f'(x) according to a definite rule, just as the func- 
tion f(x) is defined by a rule which attaches to any value of the variable 
x the value f(z): 


f(z) = height of curve y = f(z) at the point z, 
f'(x) = slope of curve y = f(x) at the point z. 
The word ‘differentiation’? comes from the fact that f'(x) is the limit of 


the difference f(z) — t(z) divided by the difference Ty — T: 
x x 
(1) fitz) = mÝ 2 fan — fe) ) as tc. 


Another notation, often useful, is 


f(z) = Df(z), 
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the “D” simply abbreviating ‘‘derivative of”; still different is Leibniz’ 
notation for the derivative of y = f(x), 


dy dj (x) 

dx i dr ' 
which we shall discuss in §4 and which indicates the character of the 
derivative as limit of the difference quotient Ay/Az or Af(x)/Az. 

If we describe the curve y = f(x) in the direction of increasing values 
of x, then a positive derivative, f'(x) > 0, at a point means ascending curve 
(increasing values of y), a negative derivative, f'(x) < 0, means descending 
curve, while f’(x) = 0 means a horizontal direction of the curve for the 
valuez. Ata maximum or minimum, the slope must be zero (Fig. 269). 








Fig. 269. The sign of the derivative. 


Hence, by solving the equation 

f(z) = 0 
for x we may find the positions of the maxima and minima, as was 
first done by Fermat. 


3. Examples 


The considerations leading to the definition (1) might seem to be 
without practical value. One problem has been replaced by another: 
instead of being asked to find the slope of the tangent to a curve y = f(z) 
at a point, we are asked to evaluate a limit, (1), which at first sight 
appears equally difficult. But as soon as we leave the domain of gen- 
eralities and consider specific functions f(z) we shall obtain tangible 
results. 

The simplest such function is f(z) = e, where c is a constant. The 
graph of the function y = f(z) = c is a horizontal line coinciding with 
all its tangents, and it is obvious that 


f(z) =0 
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for all values of z. This also follows from the definition (1), for 


Ay fled — f(x) e—ec 0 0 
åz n-z n-z j-r ' 


so that, trivially, 
m? (zı) — f(x) 


tı— T 


= 0 as tqz. 


Next we consider the simple function y = f(z) = z, whose graph is 
a straight line through the origin bisecting the first quadrant. Geomet- 
rically it is clear that. 


f(z) =1 
for all values of z, and the analytic definition (1) again yields 
f(z) — f(z) _ n- 1, 
tı— r tı — T 
so that 
m) = f(z) 


= ] as x7. 
1—2 


The simplest non-trivial example is the differentiation of the function 


y = f(z) = 
which amounts to finding the slope of a parabola. This is the simplest 
case that teaches us how to carry out the passage to the limit when the 
result is not obvious from the outset. We have 


_ fir) fa) _ rir 


Az 1—2 1-2 


If we should try to pass to the limit directly in numerator and de- 
nominator we should obtain the meaningless expression 0/0. But we can 
avoid this impasse by rewriting the difference quotient and cancelling, 
before passing to the limit, the disturbing factor zı — x. (In evaluating 
the limit of the difference quotient we consider only values zı # 2, so 


that this is permissible; see p. 307.) Thus we obtain the expression: 


2 
zp (zı — 2)(a. + 2) 
%— 2 %—2 


= qi + z. 


Now, after the cancellation, there is no longer any difficulty with the 
limit as zı — z. The limit is obtained “‘by substitution’; for the new 


TTT TT 


T 
VLU 


tr 


on mtr a r TTT + 
i Ce] | YALA] 


A PI 
4ZU HE CALC 


form zı + z of the difference quotient is continuous and the limit of 
a continuous function as 2;-— x is simply the value of the function for 
2, = z, in our case t + x = 2r, so that 


f(z) = 2x for f(x) = r. 


In a similar way we can prove that for f(z) = zè we have f'(x) = 32”. 
For the difference quotient, 


—_— qe a a o 


can be simplified by the formula z} ~ 2° = (x, — z)(ti + nz + 2°); 
the denominator Az = 2, — x cancels out, and we obtain the continuous 
expression 


A . 
OY gt pnr + r. 
Ax 


Now if we let x; approach x, this expression simply approaches 
x? + 2° + 2’, and we obtain as limit f'(x) = 32°. 
In general, for 


f(z) = 2", 
where n is any positive integer, we obtain the derivative 
f(a) = na". 
Exercise: Prove this result. (Use the algebraic formula 
ae a a (a — x) (et + tte fp opt fee pt eet + 2 ),) 


As a further example of simple devices that permit explicit determina- 
tion of the derivative we consider the function 











l 
y = f(z) = > 
We have 
w yzy (11 l Zozoa l 
At “4-2 an «wtyu—2z mo mx 


Again we may cancel, and we find a = —— which is continuous at 
1 


2, = x; hence we have in the limit 


f(z) = —5. 


R 
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Of course, neither the derivative nor the function itself is defined for 
x = 0. 


2 
Exercises: Prove in a similar manner that for f(z) = = J'l) = ge for 
1 
f(z) = = S'() = art for f(z) = (1 + z)", f(z) = n(1 + z)". 


We shall now carry out the differentiation of 
y = f(z) = vz. 
For the difference quotient we obtain 


WED VAEN 


Tu- T Tı |- T 
By the formula 2; = (fz, — V2)(V 21 + +/z) we can cancel 
a factor and get the. ae nuous expression 


nY t 
a1 — % Vti t Vz 


Passing to the limit yields 
f(z) = 





E 
Exercises: Prove that for f(z) = A Jf'(æz) = Sr eva for f(x) = Vz, 
x 


for f(z) = Vz, f'(2) = 





(2) = sai forsla) æ VI — 2, f(z) = Fa 


1 

nv/ ani’ 
4. Derivatives of Trigonometrical Functions 

We now treat the very important question of the differentiation of 
trigonometrical functions. Here radian measure of angles will be used 
exclusively. 

To differentiate the function y = f(z) = sin z we set tı — z = h, 
so that zı = z + A and f(x) = sin zı = sin (x + hk). By the trigono- 
metrical formula for sin (A + B), 


f(a) = sin (x + h) = sin z cosh + cos z sin h. 


Hence 
f(z) — f(z) _ sin (z + h) — sinz 
ro m—- T = h 


(2) : _ 
= cos T (5) + sin (seh), 
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If now we let zı tend to z, then h tends to 0, sin A to 0, and cos A to 1. 
Moreover, by the results of page 308, 
sinh _ 


lim 7, 1 
and 


. cosk— 1 
lim D aa 0. 


Hence the right side of (2) approaches cos zx, giving the result: 
The function f(x) = sin x has the derivative f'(x) = cos x, or briefly, 


D sin z = cos z. 


Exercise: Prove that D cos z = —sin z. 











To differentiate the function f(z) = tan z, we write tan z = — =, 
and obtain 
fe +h) ~I@) _ (in (eth) _ siaz) 1 
h cos(x +°) cosz/h 
_ sin (z + A) cosz — cos (z +h) sine ] 
7 i h cos (£ + h) cos z 
_ sink l 


h cos r + h) cos zr’ 


(The last equality follows from the formula sin (A — B) = sin A cos B — 
cos A sin B, with A = z + hand B = h.) If now we let h approach 





Zero, =L approaches 1, cos (x + h) approaches cos z, and we infer: 
The derivative of the function f(x) = tan x ts f’(x) = Sost x? OF 
o 
D tan r = : 
cos’ x 
Exercise: Prove that D cot z = -—_. 
8in* x 


*5. Differentiation and Continuity 


The differentiability of a function implies its continuity. For, if the 
limit of Ay/Az exists as Az tends to zero, then it is easy to see that the 
change Ay of the function f(z) must become arbitrarily small as the 
difference Ar tends to zero. Hence whenever we can differentiate a 
function, its continuity is automatically assured; we shall therefore dis- 
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pense with explicitly mentioning or proving the continuity of the differ- 
entiable functions oceurring in this chapter unless there is a particular 
reason for it. 


6. Derivative and Velocity. Second Derivative and Acceleration 


The preceding discussion of the derivative was carried out in connec- 
tion with the g eometrical concept of the graph of a function. But the 
significance of the derivative concept is by no means limited to the 
problem of finding the slope of the tangent to a curve. Even more im- 
portant in the natural sciences is the problem of calculating the rate of 
change of some quantity f(t) which varies with the time £. It was from 
this angle that Newton made his approach to the differential calculus. 
Newton wished in particular to analyze the phenomenon of velocity, 
where the time and the position of a moving particle are considered as 
the variable elements, or, as Newton expressed it, as the ‘fluent 
quantities.” 

If a particle moves along a straight line, the z-axis, its motion is 
completely described by giving the position z at any time £ as a function 
x = f(t). A “uniform motion” with constant velocity b along the z-axis 
is defined by a linear function z = a + bt, where a is the codrdinate 
of the particle at the time £ = 0. 

In a plane the motion of a particle is described by two functions, 


z= f, y=, 


characterizing the two coördinates as functions of the time. In par- 
ticular, a uniform motion corresponds to a pair of linear functions, 


x=a-+ bt, y =c + dt, 


where b and d are the two “components” of the constant velocity, and 
a and c the codrdinates of the particle at the moment £ = 0; the path of 
the particle is a straight line with the equation (x — a)d — (y — c)b = 0, 
obtained by eliminating the time ¢ from the two relations above. 

If a particle moves in the vertical z, y-plane under the influence of 
gravity alone, then, as shown in elementary physics, the motion is de- 
scribed by two equations, 


xr =a + bt, y = c + dt — igt’, 


where a, b, c, d are constants depending on the initial state of the particle 
and g the acceleration due to gravity, approximately equal to 32 if time 
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is Measured in seconds and distance in feet. The trajectory of the 
particle, obtained by eliminating ¢ from the two equations, is now a 
parabola, 


y =c +2- a) -y FO, 


if b + 0; otherwise it is a part of the vertical axis. 

If a particle is confined to move along a given curve in the plane 
(like a train along a track), then its motion may be described by giving 
the arc length s, measured along the curve from a fixed initial point Po 
to the position P of the particle at the time t, as a function of t; s = f(é). 
For example, on the unit circle z? + 4% = 1 the function s = ct describes 
a uniform rotation with the velocity c along the circle. 


Exercises; *Draw the trajectories of the plane motion described by 

1) z= sint, y = cost. 2) x = sin 2t, y = sin 3t. 3) x = sin 2t, y = 2 sin 3t. 

4) In the parabolic motion described above, suppose the particle at the origin 
for t = 0, and b > 0, d > 0. Find the coérdinates of the highest point of the 
trajectory. Find the time ¢ and the value of z for the second intersection of the 
trajectory with the z-axis. 


Newton’s first aim was to determine the velocity of a non-uniform 
motion. For simplicity let us consider the motion of a particle along a 
straight line given by a function x = f(t). Tf the motion were uniform, 
with constant velocity, then the velocity could be found b DY taking t CWO 
values ¿ and & of the time, with corresponding values x = f(é) and 

= f(t) of the position, and forming the quotient 

» = velocity = distance _%-— 2 _ f(t) (a) - FO 
time i —t fi— tf 
For example, if t is measured in hours and z in miles, then, for 4 — t= 1, 
xı — x will be the number of miles covered in 1 hour and v will be the 
velocity in miles per hour. The statement that the velocity of the 
motion is constant simply means that the difference quotient 


f(t) — fO 


8) fi — t 


is the same for all values of £ and &. But when the motion is not uni- 
form, as in the case of a freely falling body whose velocity increases as 


it falls, then the quotient (3) does not give the velocity at the instant t, 
but merely the average velocity during the time interval from £ to 4. 
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To obtain the velocity at the exact instant £ we must take the limit of 
the average velocity as łi approaches ¢. Thus we define with Newton 


(4) velocity at the instant £ = lim ~————~ f w= M = fÐ. 


In other words, the velocity is the derivative of the distance coördinate 
with respect to the time, or the “instantaneous rate of change” of the 
distance with respect to the time (as distinguished from the average rate 
of change given by (8)). 

The rate of change of the velocity itself is called the acceleration. Itis 
simply the derivative of the derivative, usually denoted by f’’(é), and 
called the second derivative of f(é). 

It was observed by Galileo that for a freely falling body the vertical 
distance z through whieh the body falls during the time £ is given by the 
formula 


(5) a = f(t) = dgt’, 


where g is the gravitational constant. It follows by differentiating (5) 
that the velocity. y of the body at the time ¢ is given by 


(6) v= f') = gt, 
and the acceleration a by 
a =f") = 


which is constant. 

Suppose it is required to find the velocity of the body 2 seconds after it 
has been released. The average velocity during the time interval from 
t = 2tof = 2.118 


$9 (2.1)? — 49(2)° _ 16(0.41) 
2.1 — 2 0.1 


But substituting t = 2 in (6) we find the instantaneous velocity at the 
end of two seconds to bev = 64. 


= 65.6 (feet per second). 





For motion in the plane the-two derivatives f’(?) and g’(t) of the func- 
tions = = fit) and y = gÀ define the components of the velocity. For 
motion along a fixed curve the velocity will be defined by the derivative 


of the function s = f(t), where s is the arc length. 


426 THE CALCULUS [ VII ] 


7. Geometrical Meaning of the Second Derivative 


The second derivative is also important in analysis and geometry, for 
J” (z), expressing the rate of change of the slope f'(x) of the curve 
y = f(x), gives an indication of the way the curve is bent. If f” (x) is 
positive in an interval then the rate of change of f'(x) is positive. A 
positive rate of change of a function means that the values of the func- 
tion increase as z increases. Therefore f’’(z) > 0 means that the slope 
f'(x) increases as x increases, so that the curve becomes steeper where it 
has a positive slope and less steep where it has a negative slope. We 
say that the curve is concave upward (Fig. 270). 


¥ 






S7(s) <0 


f["(z)>0 





Fig. 270. Fig. 271. 


Similarly, if f’(z) < 0, the curve y = f(x) is concave downward 
(Fig. 271). 

The parabola y = f(z) = x? is concave upward everywhere because 
f''(z) = 2 is always positive. The curve y = f(z) = 2° is concave 
upward for z > 0 and concave downward for z < 0 (Fig. 153) because 
f(z) = 6z, as the reader can easily prove. Incidentally, for z = 0 
we have f’(z) = 327 = 0 (but no maximum or minimum!); also 
f(x) = Oforz = 0. This point is called a point of inflection. At such 
a point the tangent, in this case the z-axis, crosses the curve. 

If s denotes the arc-length along the curve, and a the slope-angle, 
then a = h(s) will be a function of s. As we travel along the curve 
a = h(s) will change. The rate of change h’(s) is called the curvature 
of the curve at the point where the are length is s. We mention without 
proof that the curvature « can be expressed in terms of the first and 
second derivatives of the function y = f(z) defining the curve: 


K= f'a + E. 


8. Maxima and Minima 


We can find the maxima and minima of a given function f(z) by first 
forming f'(x), then finding the values for which this derivative vanishes, 
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and finally investigating which of these values furnish maxima and 
which minima. The latter question can be decided if we form the second 
derivative, f’’(r), whose sign indicates the convex or concave shape of 
the graph and whose vanishing usually indicates a point of inflection 
at which no extremum occurs. By observing the signs of f’(z) and f” (z) 
we can not only determine the extrema but also find the shape of the 
graph of the function. This method gives us the values of x for which 
extrema occur; to find the corresponding values of y = f(x) itself we 
have to substitute these values of x in f(r). 
As an example we consider the polynomial 


f(z) = 22° — Or? + 127 + 1, 
and obtain 
f(z) = 6r’ — 18r + 12, f(z) = 122 — 18. 


The roots of the quadratic equation f'(x) = 0 are z) = 1, ta = 2, and 
we have f"(z1) = —6 < 0, f (z2) = 6 >0. Hence f(z) has a maximum, 
f(z,) = 6, and a minimum, f(z2) = 5. 


Exercises: 1) Sketch the graph of the function considered above, 

2) Discuss and sketch the graph of f(z) = (x? — 1)(x1 — 4). 

8) Find the minimum of z + 1/z, of x + a?/z, of px + q/x, where p and q are 
positive. [lave these functions maxima? 

4) Find the maxima and minima of sin z and sin (z?). 


§3. THE TECHNIQUE OF DIFFERENTIATION 


Until now our efforts have been devoted to differentiating a variety 
of specific functions by transforming the difference quotients in prepara- 
tion for passage to the limit. It was a decisive step when, through the 
work of Leibniz, Newton, and their successors, these individual devices 
were replaced by powerful general methods. By these methods one can 
differentiate almost automatically any function that normally occurs in 
mathematics, provided one has mastered a few simple rules and can 
recognize their applicability. Thus differentiation has acquired the 
character of an “algorithm” of calculation, and it is this aspect of the 
theory that is expressed by the term “calculus.” 

We cannot go far into the details of this technique. Only a few 
simple rules will be mentioned. 

(a) Differentiation of a sum. If a and b are constants and the func- 


tion k(x) is given by 
k(x) = af(z) + bg(z), 
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then, as the reader can easily verify, 


klt = afln + b 


T) 41 
A similar rule holds for any number of terms. 
(b) Differentiation of a product. For a product, 


p(z) = f(z)g(z), 
the derivative is 
p'(z) = f(x)g'(z) + g(z)f'(z). 


This is easily proved by the following device: we write, adding and sub- 
tracting the same term, 


plz + h) — p(x) = fiz + h)g(e + h) — Sole) 
= f(z + Ajg(z + h) — f(z + Adg(z) + f(z + hgs) — f(z)g@), 
and obtain, by combining the first two and the second two terms, 


piz +) ~ pla) = fix +h) ETN Tga + glz) f(z + a Ie) 


Now we let k approach zero; since f(x + k} approaches f(z), the state- 
ment to be proved follows immediately. 


Exercise: Prove that the function p(x) = z” has the derivative p’(z) = nz™t, 
(Hint: Write z” = x-7*-! and use mathematical induction.) 
Using rules (a) and (b) we can differentiate any polynomial 
f(z) = a + az + --- + ast”; 
the derivative is 
f'(z) = a, + 2agx + Bayz” +... + nage". 


As an application we may prove the binomial theorem (compare p. 
17. This theorem concerns the expansion of (1 + z)” as a polynomial: 


(1) Jæ) = +2) = 1 + ae t+ ar + ar t+... + ar’, 
and states that the coefficient a, is given by the formula 


_n(n-1)---(n-—k+1) 
(2) Qa = Rr “7. 
Of course, an = 1. 
We have seen (Exercise, p. 421) that the left side of (1) differentiated 
yields n(1 + x)”. Thus by the preceding paragraph we obtain 


(3) n(l + 2)" ' = a, + Qagr + Bayz? +... + nage” | 
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In this formula we now set z = 0 and find that n = a,, which is (2) 
for k = 1. Then we differentiate (3) again, obtaining 


n(n — 1)(1 + 2)” = 2m + 3-200 + -.- + nin — Laz”. 
Substituting z = 0, we find n(n — 1) = 2a, in agreement with (2) for 
k = 2. 

Exercise: Prove (2) for k = 3, 4, and for general k by mathematical induction 
(c) Differentiation of a quotient. If 


_ f(z) 
then 

glay (z) — f(x)g'(x) 
(g(x)? l 


The proof is left as an exercise. (Of course, we must assume g(r) =Æ 0.) 


q'(x) = 


Exercise: Derive by this rule the formulas of page 422 for the derivatives of 
tan z and cot z from those for gin x and eos z. Prove that the derivatives of 
pec z = 1/cos z and cosec x = 1/sin x are sin 2/cus? x and — cos z/sin? x respec- 
tively. 


We are now able to differentiate any function that can be written as 
the quotient of two polynomials. For example, 





l-r 
f(z) = l -+z 
has the derivative 
7 _-Q+2--27)_ | 2 
ra) = (+ z} ~ OG +a 


Exercise: Differentiate 
f(z) = = er, 
where m is a positive integer. The result is 
f(z) = -me ™!, 
(d) Differentiation of inverse functions. If 
y = f(z) and x = gly) 


are inverse functions (e.g. y = 2 and z = ~+/y), then their derivatives 
are reciprocal: 





f — l . = 
g'(y) = HE or Dg(y}-Df(z) = 1. 
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This fact is easily proved by going back to the reciprocal difference 
quotients ay and x respectively; it can also be seen from the geo- 


metrical interpretation of the mverse function given on page 281, if 
we refer the slope of the tangent to the y-axis instead of to the z-axis. 
As an example we differentiate the function 


1 

y = f(z) = Yr = z” 
inverse toz = y™. (See also the more direct treatment for m = 4 on 
p. 421.) Since the latter function has as its derivative the expression 


my™', we have 


YY , 


, 1 1 
f(z) = my -£ 
y m y 


a 


1 
mol 


L 
whence, after substituting y = 2” and y ™ = a4, f (x) = — zt" , or 


1 
m 


La 


D(z") = 1 zm 
m 


As a further example we differentiate the tnverse trigonometric function 

(see page 281): 
y = arc tan z, which means the same as z = tan y. 

Here the variable y, denoting the radian measure, is restricted to the 
interval —ġr < y < $r 80 as to insure a unique definition of the inverse 
function 

Since we have (see page 422) D tan y = 1/cos’ y and since 1/cos’ y = 
(sin? y + cos’ y)/cos? y = 1 + tan'y = 1 + 2”, we find: 


D arc tan t = a 
In the same way the reader may derive the following formulas: 
D arc cot z = — a 
D arc sin t = i 
Vi- 2 
D arc cos t = ~i_, 
vi- r 


Finally, we come to the important rule for 
(e) Differentiation of compound functions. Such functions are com- 
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pounded from two (or more) simpler ones (see p. 282). For example, 
z = sin (1/2) is compounded from z = sin y and y = yz; the function 
z= </z + +/2 is compounded from z = y + y and y = ~z; z = 





¥ 
0 Æ 
y79nfe) 
; yesinfxy 
Fig. 272 Fig. 278 


sin (x) is a compound of z = sin y and y = 2°32 = sin : is a compound 


ofz = sin yand y = =. 


If two functions 


z=g(y) and y = f(z) 


are given, and if the latter function is substituted in the former, we 
obtain the compound function 


z = k(x) = g[f(x)]. 
We assert that 
(4) k'(z) = g'(y)f'(2). 
For if we write 


klz) — Ma) a za y 
1 — 2 yyt r 





where yı = f(z) and z1 = g(y1) = k(2), and then let xı approach z, 
the left side approaches k’(x) and the two factors on the right hand 
side approach g'(y) and f'(x) respectively, thus proving (4). 

In this proof the condition yı — y = 0 was necessary. For we divided 
by Ay = yı — y, and we cannot use values z, for which yı — y = 0. 
But the formula (4) remains valid even if Ay = 0 in an interval around z; 
y is then constant, f'(x) = 0, k(x) = g(y) is constant with respect to z 
(since y does not change with v), and hence k’(z) = 0, as (4) states in 
this case. 
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The reader should verify the following examples: 


k(x) =sin+/z, k(x) = (cos V2) NA 


kla) = VI+ VE, k(x) = (1+ 52) 1 


2/x 








k(x) = sin (2°), k’(z) = cos (x”)-2z2, 

k(x) = sin , k'(z) = —cos (7) =) 
kz) = vIr, k(x) = — ee = — Z 
24/1 — r? I= 


Exercise: Combining the results of pages 420 and 430, show that the function 


f(z) = YD =z” 


has the derivative 


It should be noted that a 
now be combined into a single one: 
If r is any positive or negative rational number, then the function 
Ja) =r, 
has the derivative 
f£) = rz 
Exercises: 1) Carry out the differentiations of the exercises on page 421 by 
using the rules of this section. 

















. 1 
2) Differentiate the following functions: z sin aan 4 „Bin nz, (x? — 3r? — 
x 
yL» 1 1. sini » mf ain 1 nrn om fanaa maat „n itz arn wan Le at/| — 1 
J ij I a T DIETS wy skr Miba ; wie isa OVD rh fy LLL } Aw Wees J v A me 
x? l-z l-z 
1 
1+ r? 


3) Find the second derivatives of some of the preceding functions and of 
l-z 
l+2 

4) Differentiate ci(z — 21)? + yi + ca(z — za)? + yj, "and prove the minimum 
properties of the light ray by reflection and by refraction stated in Chapter 
VII, pp. 330 and 382. The reflection or refraction is to be in the z-axis, and the 
codrdinates of tbe endpoints of the path may be zı , yı and 21, ya respectively. 


, are tan z, sin? z, tan z, 
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(Remark: The function possesses only one point with vanishing derivative; 
therefore, since a minimum but obviously no Maximum occurs, there is no need 
to study the second derivative.) 

More Problems on Mazima and Minima: 5) Find the extrema of the following 
functions, sketch their grapha, determine the intervals of increase, decrease, 
convexity, and concavity: 


z? — 62 + 2, 2/(1 + 2%), z?/(1 + zx‘), cos? z, 


6) Study the maxima and minima of the function z? + 3ax + 1 in their de- 


pendence ub U. 
7) Which point of the hyperbola 2y? — z* = 2 is nearest to the point z = 0, 
y = 3? 
8) Of all rectangles with given area find the one with the shortest diagonal, 
9) Inscribe the rectangle of greatest area in the ellipse x?/a? + y?/b? œ 1. 
10) Of all circular cylinders with given volume find the one with the least 
area. 


§4. LEIBNIZ’ NOTATION AND THE “INFINITELY SMALL” 


Newton and Leibniz knew how to obtain the integral and the deriva- 
tive as limits. But the very foundations of the calculus were long 
obscured by an unwillingness to reeognize the exclusive right of the 
limit concept as the source of the new methods. Neither Newton nor 
Leibniz could bring himself to such a clear-cut attitude, simple as it 
appears to us now that the limit concept has been completely clarified. 
Their example dominated more than a century of mathematical develop- 
ment during which the subject was shrouded by talk of “infinitely small 
quantities,” ‘‘differentials,” “ultimate ratios,” etc. The reluctance with 
which these concepts were finally abandoned was deeply rooted in the 
philosophical attitude of the time and in the very nature of the human 
mind. One might have argued: ‘‘Of course integral and derivative can 
be and are calculated as limits. But what, after all, are these objects 
in themselves, irrespective of the particular way they are described by 
limiting processes? It seems obvious that intuitive concepts such as 
area or slope of a curve have an absolute meaning in themselves without 
any need for the auxiliary concepts of inscribed polygons or secants and 


thai» limi 1 : 
their limits.” Indeed, it is psychologically natural to search for ade- 


quate definitions of area and slope as “things in themselves.” But to 
renounce this desire and rather to see in limiting processes their only 
scientifically relevant definitions, is in line with the mature attitude 
that has so often cleared the way for progress. In the seventeenth 
century there was no intellectual tradition to permit such philosophical 
radicalism. 
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Leibniz’ attempt to “explain” the derivative started in a perfectly 
correct way with the difference quotient of a function y = f(z), 


Ay _ f(a) — f(z) 

Az t-r ` 
For the limit, the derivative, which we called f’(z) (following the usage 
introduced later by Lagrange), Leibniz wrote 


dy 
dr’ 

replacing the difference symbol A by the “differential symbol” d. Pro- 
vided we understand that this symbol is solely an indication that the 
limiting process Ar — 0 and consequently Ay — 0 is to be carried out, 
there is no difficulty and no mystery. Before passing to the limit, the 
denominator Az in the quotient Ay/Az is cancelled out or transformed 
in such a way that the limiting process can be completed smoothly. 
This is always the crucial point in the actual process of differentiation. 
Had we tried to pass to the limit without such a previous reduction, we 
should have obtained the meaningless relation Ay/Az = 0/0, in which 
we are not at all interested. Mystery and confusion only enter if we 
follow Leibniz and many of his successors by saying something like this: 

“Ar does not approach zero. Instead, the ‘last value’ of Ax is not 
zero but an ‘infinitely small quantity,’ a ‘differential’ called dz; and 
similarly Ay has a ‘last’ infinitely small value dy. The actual quotient 
of these infinitely small differentials is again an ordinary number, 
f'(x) = dy/dx.” Leibniz accordingly called the derivative the “differential 
quotient.” Such infinitely small quantities were considered a new kind 
of number, not zero but smaller than any positive number of the real 
number system. Only those with a real mathematical sense could 
grasp this concept, and the calculus was thought to be genuinely diffi- 
cult because not everybody has, or can develop, this sense. In the same 
way, the integral was considered to be a suin of infinitely many 
‘infinitely small quantities” f(z) dz. Such a sum, people seemed to 
feel, čs the integral or area, while the calculation of its value as the limit 
of a finite sum of ordinary numbers f(z;)Az was regarded as something 
accessory. Today we simply discard the desire for a ‘‘direct’’ explana- 
tion and define the integral as the limit of a finite sum. In this way the 
difficulties are dispelled and everything of value in the calculus is secured 
on a sound basis. 

In spite of this later development Leibniz’ notation, dy/dx for f'(x) 
and f f(z) dz for the integral, was retained and has proved extremely 
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useful. There is no harm in it if we consider the symbols d only as 
symbols for a passage to the limit. Leibniz’ notation has the advantage 
that limits of quotients and sums can in some ways be handled “‘as if” 
they were actual quotients or sums. The suggestive power of this 
symbolism has always tempted people to impute to these symbols some 
entirely unmathematical meaning. If we resist this temptation, then 
Leibniz’ notation is at least an excellent abbreviation for the more 
cumbersome explicit notation of the limit process; as a matter of fact, 
it is almost indispensable in the more advanced parts of the theory. 

For example, rule (d) of page 429 for differentiating the inverse func- 
tion z = g(y) of y = f(x) was that g’(y)f’(z) = 1. In Leibniz’ notation 
it reads simply 


dz dy _ 
dy dz , 

“as if” the “differentials” may be cancelled out from something like an 

ordinary fraction. Likewise, rule (e) of page 431 for differentiating a 

compound function z = k(x), where 


z = gly), y= f(x), 
now reads 


dz _ dz dy 
dz dy dx’ 

Leibniz’ notation has the further advantage of emphasizing the 
quantities x, y, z rather than their explicit functional connection. The 
latter expresses a procedure, an operation producing one quantity y from 
another z, e.g. the function y = f(z) = x” produces a quantity y equal 
to the square of the quantity z. The operation (squaring) is the object 
of the mathematician’s attention. But physicists and engineers are on 
the whole primarily interested in the quantities themselves. Hence the 
emphasis on quantities in Leibniz’ notation has a particular appeal to 
people engaged in applied mathematics. 

Another remark may be added. While “differentials” as infinitely 
small quantities are now definitely and dishonorably discarded, the 
same word “diffcrential” has slipped in again through the back door— 
this time to denote a perfectly legitimate and useful concept. It now 
means simply a difference Az when Az is small in relation to the other 
quantities occurring. We cannot here go into a discussion of the value 
of this concept for approximate calculations. Nor can we discuss other 
legitimate mathematical notions for which the name “differential’”’ has 
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been adopted, some of which have proved quite useful in the calculus 
and in its applications to geometry. 


§5. THE FUNDAMENTAL THEOREM OF THE CALCULUS 
I. The Fundamental Theorem 


The notion of integration, and to some extent that of differentiation, 
had been fairly well developed before the work of Newton and Leibniz. 
To start the tremendous evolution of the new mathematical analysis 
but one more simple discovery was needed. The two apparently uncon- 
nected limiting processes involved in the differentiation and integration 
of a function are intimately related. They are, in fact, inverse to one 
another, like the operations of addition and subtraction, or multiplica- 
tion and division. There is no separate differential calculus and integral 
calculus, but only one calculus. 

It was the great achievement of Leibniz and Newton to have first 
clearly recognized and exploited this fundamental theorem of the calculus. 
Of course, their discovery lay on the straight path of scientific develop- 
ment and it is only natural that several men should have arrived at a 
clear understanding of the situation independently and at almost the 
same time. 

To formulate the fundamental theorem we consider the integral of a 
function y = f(z) from the fixed lower limit a to the variable upper 
limit z. To avoid confusion between the upper limit of integration z 
and the variable x that appears in the symbol f(z), we write this 
integral in the form (see p. 412) 


(1) F(a) = f Au) du, 


indicating that we wish to study the integral as a function F(x) of the 
upper limit x (Fig. 274). This function F(z) is the area under the curve 





Fig. 274. The integral as function of upper limit. 
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y = f(u) from the point u = a to the point u = z. Sometimes the 
integral F(x) with a variable upper limit is called an ‘‘indefinite”’ 
integral. 

Now the fundamental theorem of the calculus is: 

The derivative of the indefinite integral (1) as a function of x is equal 
to the value of f(u) at the point x: 


F’(z) = f(z). 


In other words, the process of integration, leading from the function f(x) 
to F(x), ts undone, inverted, by the process of differentiation, applied to F(x). 

On an intuitive basis the proof is very easy. It depends on the inter- 
pretation of the integral F(z) as an area, and would be obscured if one 
tried to represent F(x) by a graph and the derivative F'(x) by its slope. 
Instead of this original geometrical interpretation of the derivative we 
retain the geometrical explanation of the integral F(x) but proceed in an 


analytical way with the differentiation of F(z). The difference 
F(z) — F(z) 


is simply the area between z and 2, in Figure 275, and we see that this 





Fig. 275. Proof of the fundamental theorem. 


area lies between the values (x, — x)m and (zı — 2)M, 
(zı — z)m < F(z) — F(z) < (zı — 2)M, 


where M and m are respectively the greatest and least values of f(u) 
in the interval between z and xı. For these two products are the areas 


438 THE CALCULUS [ VIII] 


m < EC) — Fla) <M 

t- T 
We shall assume that the function f(u) is continuous, so that if z 
approaches z, then M and m both approach f(x). Hence we have 


Pm Fle) = f(x), 


as stated. Intuitively, this expresses the fact that the rate of change 
of the area under the curve y = f(z) as x increases is equal to the height 
of the curve at the point z. 

In certain textbooks the salient point in the fundamental theorem 
is obscured by poorly chosen nomenclature. Many authors first intro- 
duce the derivative and then define the “‘indefinite integral” simply as 
the inverse of the derivative, saying that G(x) is an indefinite integral 
of f(x) if 


(2) F’(r) = lin 


G'(z) = f(z). 

Thus their procedure immediately combines differentiation with the 
word “‘integral.’’ Only later is the notion of the ‘‘definite integral’ as 
an area or as the limit of a sum introduced, without emphasizing that 
the word ‘‘integral’’ now means something totally different. In this 
way the main fact of the theory is smuggled in by the back door, and 
the student is seriously impeded in his efforts to attain real under- 
standing. We prefer to call functions G(x) for which G’(z) = f(x) not 
“indefinite integrals” but primitive functions of f(x). The fundamental 
theorem then simply states: 

F(x), the integral of f(u) with fixed lower limit and a variable upper 
limit x, is a primitive function of f(x). 

We say “a” primitive function and not “the” primitive function, for 
it is immediately clear that if G(x) is a primitive function of f(z), then 


H(z) = G(z) +c (c any constant) 


is also a primitive function, since H'(x) = G’(z). The converse is also 
true. Two primitive functions, G(x) and F(x), can differ only by a con- 
stant. For the difference U(x) = G(x) — H(z) has the derivative 
U'(z) = G'(x) — A’(z) = f(z) — f(x) = 0, and is therefore constant, 
since a function represented by an everywhere horizontal graph must be 
constant. 
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This leads to a most important rule for finding the value of an integral 
between a and b, provided we know a primitive function G(x) of }(2). 
According to our main theorem, 


F(z) = [ 10 du 


is also a primitive function of f(z). Hence F(z) = G(x) + c, where c 
isa constant. The constant c is determined if we remember that F(a) = 


f f(u) du = 0. This gives 0 = G(a) + c, so that c = —G(a). Then 
the definite integral between the limits a and z will be F(z) = 
f flu) du = Q(x) — G(a), or, if we write b instead of z, 


b 
(3) [ 1) du = GW) - Gla), 


irrespective of what particular primitive function G(r) we have chosen. 
In other words, 


b 
To evaluate the definile integral | f(x) dx we need only find a function 
G(x) such that G’(x) = f(x), and then form the difference G(b) — G(a)}. 


2. First Applications. Integration of x", cos x, sin x. Arc tan x 


It is not possible here to give an adequate idea of the scope of the 
fundamental theorem, but the following illustrations may give some 
indication. In actual problems encountered in mechanics, physics, or 
pure mathematics, it is very often a definite integral whose value is 
wanted. The direct attempt to find the integral as the limit of a sum 
may be difficult. On the other hand, as we saw in §3, it is compara- 
tively easy to perform any kind of differentiation and to accumulate a 
great wealth of information in this field. Each differentiation formula, 
G’(x) = f(x), can be read inversely as providing a primitive function 
G(x) for f(x). By means of the formula (3), this can be exploited for 
calculating the integral of f(z) between any two limits. 

For example, if we want to find the integral of z* or z* or z” we can 
now proceed much more simply than in §1. We know from our differ- 
entiation formula for z” that the derivative of x” is nz”, so that the 
derivative of 


rth 


n+l 





G(x) = (n * —1) 
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mt+tl., an 
n+” = r. 


Therefore z*t'/(n + 1) is a primitive function of f(z) = x", and hence 
we have immediately 


[ az = G0) - G@ = 


G(x) = 





prt! _ ghth 

n+l ` 
This process is much simpler than the laborious procedure of finding the 
integral directly as the limit of a sum. 

More generally, we found in §3 that for any rational s, positive or 
negative, the function z* has the derivative sr'™, and therefore, for 
s = r + 1, the function 





G(z) = = i g 


has the derivative f(z) = G’(z) = x". (We assumer x —1, i.e. 8 Æ 0.) 
Hence r'*'/(r + 1) is a primitive function or “indefinite integral” of 2’, 
and we have (for a, b positive and r x —1) 
b 
r — 1 r+ ort 
(4) [ zi = e a+», 
In (4) we suppose that in the interval of integration the integrand z” is defined 


and continuous, which excludes x = Oifr <0. We therefore make the assump- 
tion that in this case a and b are positive. 


For G(x) = —cos x we have G’(x) = sin z, hence 
f sin rdr = — (cos a — cos 0) = 1 — cosa. 
0 


Likewise, since for G(x) = sin z we have G’(r) = cos z, it follows 
that 


a 
f cos zdz = sin a — sin 0 = sin a. 
0 


A particularly interesting result is obtained from the formula for the 
differentiation of the inverse tangent, D arc tan z = 1/(1 + 2°). It 
follows that the function arc tan z is a primitive function of 1/(1 +2), 


and we obtain from formula (3) the result 


b 
1 
arc tan b — arctan = [ Tae 
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Now we have arc tan 0 = 0 because to the value 0 of the tangent the 
value 0 of the angle is attached. Hence we find 


b 
(5) arc tan b = f =F dx. 
0 


If in particular b = 1, then arc tan b will be equal to x/4, because to 
the value 1 of the tangent corresponds an angle of 45°, or in radian 
measure 7/4. Thus we obtain the remarkable formula 


(6) r/4= A 


This shows that the area under the graph of the function y = 1/(1 + 2”) 
from z = 0 to z = 1 is one-fourth of the area of a circle of radius 1. 


¥ 


o 1 
Fig. 276. 3/4 as area under y = 1/(1 -+ 31) from 0 to f 


3. Leibniz’ Formula for r 


The last result leads to one of the most beautiful mathematical dis- 
coveries of the seventeenth century—-Leibniz’ alternating series for r, 


| z 11,1 1,1 1 
7) 45ra t 7to nt 
By the symbol + --- we mean that the sequence of finite “partial 
sums”, formed by breaking off the expression on the right after n 
terms, converges to the limit w/4 as n increases. 

To prove this famous formula, we have only to recall the finite geo- 


n 


metrical series - = =ltqt¢@t+--- +", or 











1 2 nml q” 
S — 1 z — 
ET ++ + +4 + j= 7 
In this algebraic identity we substitute g = —2z° and obtain 
l a 1] 
(8) = Laat atm ht eee + (-1) a + Re, 
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where the “remainder” R, is 
y” 


IFz 
Equation (8) can now be integrated between the limits 0 and 1. By 
rule (a) of §3, we have to take on the right the sum of the integrals of 
b 


the single terms. Since, by (4), f a™dz = (b"® — a™*)/(m + 1), 


R, = (—1)* ~— 


1 
we find I x” dx = 1/(m + 1), and therefore 


“de _, 1 1 1 ar 
w f anlata ate t OD pet Th 


1 in 
where T, = (—1)" Í p dz. According to (5), the left side of (9) 
0 


is equal to r/4. The difference between +/4 and the partial sum 
S,=1- 1 l +. + (1) 
3 5 2n — 1 
is 7/4 — Sy = T,. What remains is to show that 7,, approaches zero 
as n increases. Now 
2n 


an 2n < . 
Ipras" forO<2<1 

b b 
Recalling formula (13) of §1, which states that f J(z) dz < f g(x) dz 
if f(x) < g(x) and a < b, we see that 


1 g?” 1 on 
Tal =f pas |e dz; 

since the right side is equal to 1/(2n + 1), as we saw before (formula 
(4)), we find |7,| < 1/(2n + 1). Hence 
7 Ea 
4 2n+1° 
But this shows that S, tends with increasing n to #/4, since 1/(2n + 1) 
tends to zero. Thus Leibniz’ formula is proved. 


§6. THE EXPONENTIAL FUNCTION AND THE LOGARITHM 


The hasin annranta ‘of the caleulus furnish a much moro adaninuata 
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theory of the logarithm and the exponential function than does the “‘ele- 
mentary” procedure that underlies the usual instruction in school. 








< 
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There one usually begins witli the integral powers a” of a positive number 
a, and then defines a” = </a, thus obtaining tlie value of a’ for every 
rational r = n/m. The value of a° for any irrational z is next defined 
so as to make a’ a continuous function of zx, a delicate point which is 
omitted in elementary instruction. Finally, the logarithm of y to the 
base a, 


= log. y, 


is defined as the inverse function of y = a’. 

In the following theory of these functions on the basis of the calcu- 
lus the order in which they are considered is reversed. We begin 
with the logarithm and then obtain the exponential function. 


1. Definition and Properties of the Logarithm. Euler’s Number e 


We define the logarithm, or morc specifically the “natural logarithm,” 
F(z) = log z (its relation to the ordinary logarithm to the base 10 will 
be shown in Article 2), as the area under the curve y = 1/ufromu = 1 
to u = r, or, what amounts to the samc thing, as the integral 


Ar a 
= 


(1) F(x) = log z = = du 
iu 


(see Fig. 5, p. 29). The variable z may be any positive number. Zero 
is excluded because the integrand i/ id becomes infinite AS u tends to 0. 

It is quite natural to study the function F(z). For we know that 
the primitive function of any power z” is a function 2"""/(n + 1) of the 
same type, except for n = —1. In the latter casc the denominator 
n + 1 would vanish and formula (4), p. 440 would be meaningless. 
Thus we might expect that the integration of 1/z or 1/u would lead 
to some new --and interesting—type of function, 


Aléhanah wn annaislar 1) tha dAnfinitinn af tha fun atinn Ino m we Any 
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not “know” the function until we have derived its properties and have 
found means for its numerical computation. It is quite typical of the 
modern approach that we start with gencral concepts such as area and 
integral, establish definitions such as (1) on this basis, then deduce 
properties of the objccts defined and, only at the very cnd, arrive at 
explicit expressions for numerical calculation. 

The first important property of log z is an immediate consequence of 
the fundamental theorem of §5. This theorem yields the equation 


(2) F'(z) = 1/z. 


444 THE CALCULUS [ VIII] 


From (2) it follows that the derivative is always positive, which con- 
firms the obvious fact that function log x is a monotone increasing 
function as we travel in the direction of increasing values of z. 
The principal property of the logarithm is expressed by the formula 
(3) log a + log b = log (ab). 
The importance of this formula in the practical application of logarithms 
to numerical computations is well known. Intuitively, formula (3) 
could be obtained by looking at the areas defining the three quantities 
log a, log b, and log (ab). But we prefer to derive it by a reasoning 
typical of the calculus: Together with the function F(x) = log z we 
consider the second function 
k(z) = log (az) = log w = F(w), 
setting w = f(z) = az, where a is any positive constant. We can easily 
differentiate k(x) by rule (e) of §3: k’(xz) = F’(w)f'(z). By (2), and 
since f'(x) = a, this becomes 
k'(z) = a/w = ajar = 1/z. 
Therefore k(x) has the same derivative as F(x); hence, according to 
page 438, we have 
log (az) = k(x) = F(z) + c, 
where c is a constant not depending on the particular value of z. The 
constant c is determined by the simple procedure of substituting for x 
the specific number 1. We know from the definition (1) that 
F(1) = log 1 = QO, 
because the defining integral has for x = 1 cqual upper and lower limits. 
Hence we obtain 
k(1) = log (a-1) = loga = log 1 +c = c, 


which gives c = log a, and therefore for every z the formula 
(3a) log (az) = log a + log z. 


Setting z = b we obtain the desired formula (8). 
In particular (for a = 2), we now find in succession 


Hl 


log (x°) 2 log z 


(4) log (z") = n log z. 
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Equation (4) shows that for increasing values of x the values of log z 
tend to infinity. For the logarithm is a monotone increasing function 
and we have, for example 


log (2") = n log 2, 


which tends to infinity with n. Furthermore we have 


1 1 
0 = log 1 = log (z - $) = log x + log =» 


so that 

(5) log 1 = — logz, 
x 

Finally, 

(6) log x” = rlogz 


, m n . 
for any rational number r = —. For, setting x” = u, we have 
n 


ala 


“n 


n log u = log u* = log z" = log z” = mlogz, 


so that 
= om 
log z” = — log x. 
n 


Since log z is a continuous monotone function of z, having the value 0 
for x = 1 and tending to infinity as 2 increases, there must be some 
number greater than 1 such that for this valuc we have log z = 1. 





Fig. 277, 


Following Euler, we call this number e 
definition of nw 208 wl] ha e wer; ] 
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equation 
(7) loge = 1. 


e 





: 
Ò 
: 
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We have introduced the number e by an intrinsic property which assures 
its existence. Presently we shall. carry our analysis further, obtaining 
as a consequence explicit formulas giving arbitrarily exact approximations 
to the numerical value of e. 


2. The Exponential Function 


Summarizing our previous results, we see that the function F(z) = 
log x has the value zero for z = 1, increases monotonically to infinity 
but with decreasing slope 1/z, and for positive valucs of z less than 1 is 
given by the negative of log 1/z, so that log x becomes negatively in- 
finite as x — 0. 

Because of the monotone character of y = log x we may consider the 
inverse function 


z = Ely), 
whose graph (Fig. 278) is obtained in the usual way from that of 
y = log x (Fig. 277), and which is defined for all values of y between 
— æ and +œ. Asy tends to — œ the value E(y) tends to zero, and as 
y tends to +œ E(y) tends to +. 
The £-function has the following fundamental property: 
(8) E(a)-E(b) = E(a + b) 
for any pair of values a and b. This law is merely another form of the 
law (3) for the logarithm. For if we set 
E(b) = 2, E(a) =z (i.e. b = logz,a = log z), 
we have 
log zz = logz + logz = b -+ a, 
and therefore 
E(b + a) = zz = E(a)-E(b), 
which was to be proved. 
Since by definition log e = 1, we have 


E(1) = e, 
and it follows from (8) that ê = E(1)E(1) = E(2), ete. In general, 
E(n) = e” 


1 
for any integer n. Likewise E(1/n) = e", so that E(p/q) = E(1/g) 
1 p 
.-- E(1/q) = [e°] ; hence, setting p/q = r, we have 
Er) = e€ 
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for any rational r. Therefore it is appropriate to define the operation 
of raising the number e to an irrational power by setting 


e = Ely) 
for any real number y, since the Z-function is continuous for all values 
of y, and identical with the value of e” for rational y. We can now 


express the fundamental law (8) of the Z-function, or exponential func- 
tion, as it is called, by the equation 
(9) eve = e”, 
which is thereby established for arbitrary rational or irrational a and b. 

In all these discussions we have been referring the logarithm and ex- 
ponential function to the number e as a “base,” the “natural base” for 
the logarithm. The transition from the base e to any other positive 
number is easily made. We begin by considering the (natural) loga- 
rithm 

a = log a, 

so that 


a= e" = el? 


Now we define a” by the compound expression 
(10) z= gd = e°" — e” log o 


For example, 
10° = e log 10 


We call the inverse function of a” the logarithm to the base a, and we see 
immediately that the natural logarithm of z is x times a; in other words, 
the logarithm of a number z to the base a is obtained by dividing the 
natural logarithm of z by the fixed natural logarithm of a. For a = 10 
this is (to four significant figures) 


log 10 = 2.303. 


3. Formulas for Differentiation of e , a*, x" 


Since we have defined the exponential function E(y) as the inverse 
of y = log z, it follows from the rule concerning differentiation of in- 
verse functions (§3) that 
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l.e. 
(11) E'(y) = Ely). 
The natural exponential function is identical with its derivative. 


This is really the source of all the properties of the exponential func- 
tion and the basic reason for its importance in applications, as will 
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become apparent in subsequent sections. 
duced in Section 2 we may write (11) as follows: 


d zs £ 

(ila) me =e: 

More generally, differentiating the compound function 
f(z) = e”, 


we obtain by the rule of §3 
f'(z) = ae™ = af(z). 

Hence, for a = log a, we find that the function 

fz) =a 
has the derivative 

f'(x) = a loga. 
We may now define the function 

f(z) =r 
for any real exponent s and positive variable z by setting 

gt = e FE, 
Again applying the rule for differentiation of the compound functions, 


f(z) = e",z = log z, we find f(x) = se"? = sx 1 and therefore 


s—l1 
f(z) = sx”, 
in accordance with our previous result for rational s. 


4. Explicit Expressions for e, e*, and log x as Limits 


To find explicit formulas for these functions we shall exploit the differ- 
entiation formulas for the exponential function and the logarithm. 
Since the derivative of the function log z is 1/z, by the definition of 
the derivative we obtain the relation 

1 . log zı — logz 


= lim 


- as %—T. 
x t-r 
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If we set rq = z + h and let A tend to zero by running through the 
sequence 

h = 1/2, 1/3, 1/4, set y 1/n, very 
then, on applying the rules of logarithms, we find 


ak < 





In terms of the exponential function, 
(12) e = lim (1 -+ 2) as n — o, 


Here we have the famous formula defining the exponential function as 
a simple limit. In particular, for z = 1 we find 


(13) e = lim (1 + 1/n)’, 
and for z = —l, 
(13a) l = lim (1 — 1/n)". 


These expressions lead at once to expansions in the form of infinite 
series. By the binomial theorem we find that 


n _ 2 _ _ 3 a 
(142) -14 nF 4 Merde y nD z 





at w T E 


or 


a \" t r ( 1 r? ( 1 2) 
(1+2) =i+ğ tz -i)i l= > l= +- 
EGNA A) 
n! n n n n 
It is plausible and not difficult to justify completely (the details are 
omitted here) that we can perform the passage to the limit as n —> œ 








by replacing . by 0 in each term. This gives the famous infinite series 


for e” 
= 3 


z trt 2 r 
(14) f=ltotatgyt 
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and in particular the series for e, 
e=1 +H ht ata n+ n+ 


which establishes the dentis ofe ith the number defined on page 298. 
For x = —1 we obtain the series 


1 l 1 1 1 

-=j gta gt 

which gives an excellent numerical approximation with very few terms, 
the total error involved in breaking off the series at the nth term being 
less than the magnitude of the (n + 1)st term. 

By exploiting the differentiation formula for the exponential function 
we can obtain an interesting expression for the logarithm. We have 
-1 Lime oe 
h h 
as h tends to 0, because this limit is the derivative of e" for y = 0, and 
this is equal to e° = 1. In this formula we substitute for A the values 
z/n, where z is an arbitrary number and n ranges over the sequence of 
positive integers. This gives 


= 1 





æ é 
lim 








or 
n(v/e—1) 2 

as n tends to infinity. Writing z = log z or e° = v, we finally obtain 

(15) logz = limn(*¥/z—1) as n>». 


Since 7/z — 1 as n — © (see p. 323), this represents the logarithm as 
the limit of a product, one of whose factors tends to zero and the other 
to infinity. 


Miscellancous Examples and Exercises. By including the exponential function 
and the logarithm we now master a large class of functions and have acceas to 
many applications. 

Differentiate: 1) r(log r — 1). 2) log (log x). 3) log (x + v1 + 24). 4) 
log (x + V1 — r). 5S) e -t 6) e (a compound function e with z = e"), 7) 
x? (Hint: z* = e*!%*), 8) log tan r. 9) log sin z; log cos r. 10) z/log z. 

Find the maxima and minima of 11) re~*, 12) re", 13) re-*?, 

*14) Find the locus of the maximun point of the curve y = re*** as a varies. 

15) Show that all the successive derivatives of e=” have the form es" multiplied 
by a polynomial in z. 
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*16) Show that the nth derivative of e~¥2" has the form e7!/2*.1/r" multiplied 
by a polynomial of degree 2n — 2. 

*17) Logarithmic differentiation. By using the fundamental property of the 
logarithm, the differentiation of products can sometimes be effected in a simplified 
manner. We have for a product of the form 

p(z) = filxfe(z) -++ fale), 
D(log p(z)) = D(log fi(z)) + D(log fr(z)) + +--+ + D(log falz)), 
and hence, by the rule for differentiating compound functions, 


pits) file) | file) | Suto 
pin) file) * fiz) + + fila)’ 


Use thie for differentiating 
a) x(x + 1)(x + 2) +--+ (z+ n), b) ze”, 


5. Infinite Series for the Logarithm. Numerical Calculation 


It is not formula (15) that serves as the basis for numerical calculation 
of the logarithm. A quite different and more useful explicit expression 
of great theoretical importance is far better suited to this purpose. We 
shall obtain this expression by the method used on page 441 for finding 
Tt, exploiting the definition of the logarithm by formula (1). One small 
preparatory step is needed; instead of aiming at log x, we shall try to 
express y = log (1 + 2), composed of the functions y = log z and 


= T -a e — ZI = - 
z=l+rz. We haves = ds det 1 EE Hence log (1 + 2) 
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C 
theorem that the integral of 1/(1 + u) from 0 to zx is equal to 
log (1 + z) — log 1 = log (1 + 2); in symbols, 


(Of course, this formula could just as well have been obtained intuitively 
from the geometrical interpretation of the logarithm as an area. Com- 
pare p. 413.) 
In formula (16) we insert, as on page 442, the geometrieal series for 
(1 + u)’, writing 
l 
l+u 


where, cautiously, we choose to write down not an infinite series, but 
rather a finite series with the remainder 


u’ 
Ra = (—1)" I+u’ 





=] -u+ uH. e HODU O 
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Substituting this series in (16) we may use the rule that such a (finite) 
sum can be integrated term by term. The integral of u’ from 0 to x 
e+] i 
x 
s+ 1’ 
2 2 4 


. -. ` Y T 
log (1 +r) =2z2- — 


yields and thus we obtain immediately 


ee ian 
— — —_ eee — >t — Ta, 
where the remainder T, is given by 


T, = (—1)" lj 


We shall now show that T, tends to zero for increasing n provided that 
x is chosen greater than —1 and not greater than +1, in other words, 
for 





u" 
Fu du. 


—-l<¢27<l, 


where it is to be noted that x = +1 is included, while x = —1 is not. 
According to our assumption, in the interval of integration u is greater 
than a number —a, which may be near to —1 but is at any rate greater 
than —1, so thatO < 1 — æa < 1 +u. Hence in the interval from 0 
to z we have 


|u |" 











< 


1—-a’ 


[ u” du 
0 


1 gp” <l 1 
l—ant+17~*l—-ant+l 

Since 1 — ais a fixed factor, we see that for increasing n this expression 
tends to 0 so that from 


and therefore 


1 
IT. |< j-; 








or 














| Tal S 











t r? ax’ 1 1 
(17) log (+2) 42 -245 H Ns h, 
we obtain the infinite series 
r? x? x! 
(18) log (1 +2)= 2-53 +tz7 Zt: ; 


which is valid for -—1 < z < 1. 
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If, in particular, we choose z = 1, we obtain the interssting result 


1 1 i 

(19) log 2 = 1 2+3 acc 
This formula has a structure similar to that of the series for 7/4. 

The series (18) is not a very practical means for finding numerical 
values for the logarithm, since its range is limited to values of 1 + z 
between 0 and 2, and since its convergence is so slow that one must 
include many terms before obtaining a reasonably accurate result. 
By the following device we can obtain a more convenient expression. 
Replacing r by —z in (18) we find 








me me p 

(20) log (1 — 2) = -2 - 37377 
Subtracting (20) from (18) and using the fact that log a — log b = log a 
+ lag (1/h) = Ine lash) wa nhtain 
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(21) lo LE a a(z+7 +54 

Piz 3° 6 

Not only does this series converge much faster, but now me left side 
can express the logarithm of any positive number z, since r l + = = 2 


always has a solution z between —1 and +1. Thus, if we want to 
calculate log 3 we set x = } and obtain 





— + 4 (= 1,1 ) 
log 3 = log = 2i =2 a+ 3.9 + 5m t . 
With only 6 terms, up to - 2 _ | we find the value 


11-2" 11,264? 
log 3 = 1.0986, 
which is accurate to five digits. 


§7. DIFFERENTIAL EQUATIONS 
1. Definition 


The dominating rôle of the exponential and trigonometrical functions 
in mathematical analysis and its applications to physical problems is 
rooted in the fact that these functions solve the simplest ‘differential 
equations.” 

A differential equation for an unknown function u = f(z) with deriva- 
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tive u’ = f’(z)—the notation w’ is a very useful abbreviation for f'(x) 
as long as the quantity u and its dependence on z as the function f(z) 
need not be sharply distinguished—is an equation involving u, u’, and 
possibly the independent variable z, as for example 
u’ = u + sin (xu) 
or 
u’ + 3u = r. 
More generally, a differential equation may involve the second deriva- 
tive, u” = f(x), or higher derivatives, as in the example 
u” + 2u’ — 3u = 0. 
In any case the problem is to find a function u = f(z) that satisfies 
the given equation. Solving a differential equation is a wide generaliza- 
tion of the problem of integration in the sense of finding the primitive 
function of a given function g(x), which amounts to solving the simple 
differential equation 
u’ = g(x). 
For example, the solutions of the differential equation 
uw = r? 
are the functions u = z°/3 + c, where c is any constant. 
2. The Differential Equation of the Exponential Function. Radioactive 
Disintegration. Law of Growth. Compound Interest 
The differential equation 
(1) ui =U 


has as a solution the exponential function u = e", since the exponential 
function is its own derivative. More generally, the function u = ce’, 
where c is any constant, is a solution of (1). Similarly, the function 


(2) u = ce”, 

where c and k are any two constants, is a solution of the differential 
equation 

(3) u = ku. 


Conversely, any function u = f(x) satisfying equation (3) must be 
of the form ce", For if z = h(u) is the inverse function of u = f(z), 
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then according to the rule for finding the derivative of an inverse func- 


2 
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r-d -tl 
h u! ku 
m PÈ at q Law mi 
dU w@ + i — = IUE [r] 
i iy’ © that x = A(u) i +b, 


where b is some constant. Hence 
log u = kz — bk, 


and 


k —bk 
u =e". 


Setting e™ (which is a constant) equal to c, we have 
u = ce, 
as was to be proved. 
The great significance of the differential equation (3) lies in the fact 


that it governs physical processes in which a quantity u of some sub- 
stance is a function of the time £, 


u = f(b, 
and in which the quantity u is changing at each instant at a rate pro- 
portional to the value of u at that instant. In such a case, the rate of 
change at the instant t, 


VAIO = ima, 


is equal to ku, where k is a constant, k being positive if u is increasing 
and negative if u is decreasing. In either case, u satisfies the differential 
equation (3); hence 

u = ce, 


The constant c is determined if we know the amount us which was 


t" 


Oj) 1 2 3 4 5 8 


Fig. 279. Exponential decay. u = ust! k < 0. 
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present at the time ¢ = 0. We must obtain this amount if we set 


i= 0, 

wy = ce = c, 
so that 
(4) u = ug". 


Note that we start with a knowledge of the rate of change of u and deduce 
the law (4) which gives the actual amount of u at any time t. This is 
just the inverse of the problem of finding the derivative of a function. 

A typical example is that of radioactive disintegration. Letu = f(t) 
be the amount of some radioactive substance at the time ¢; then on the 
hypothesis that each individual particle of the substance has a certain 
probability of disintegrating in a given time, and that the probability 
is unaffected by the presence of other such particles, the rate at which 
u is disintegrating at a given time ¿ will be proportional to u, i.e. to the 
total amount present at that time. Hence u will satisfy (3) with a 
negative constant k that measures the speed of the disintegration proc- 
ess, and therefore 


i 
u = we". 


It follows that the fraction of u which disintegrates in two equal time 
intervals is the same; for if u is the amount present at time 4 and uz 
the amount present at some later time tł, then 


Us _ ue" 


= k(ty—%1) 
Uy ue" f 


=e 
which depends only on h — h. To find out how long it will take for 
a given amount of the substance to disintegrate until only half of it is 
left, we must determine s = f, — h so that 


uM ke 
— = = é 
Uy } , 


from which we find 

(5) ks = log 3, s = (—log 2)/k, or k = (—log 2)/s. 

For any radioactive substance, the value of s is called the half-life 
period, and s or some similar value (such as the value r for which 
uz/uı = 999/1000) can be found by experiment. For radium, the half- 
life period is about 1550 years, and 


_ log t_ | 
k = Teen = 0,0000447, 
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It follows that 


—0. 0000447! 
u = w'e . 


An example of a law of growth that is approximately exponential 
is provided by the phenomenon of compound interest. A given amount 
of money, wp dollars, is placed at 3% compound interest, which is to be 
compounded yearly. After 1 year, the amount of money will be 

u = uo(1 + 0.03), 


after 2 years it will be 

u: = u(1 + 0.03) = uo(1 + 0.03)’, 
and after ¢ years it will be 
(6) u: = uo(l + 0.03). 


Now if, instead of being compounded at yearly intervals, the interest is 
compounded after each month or after each nth part of a year, then 
after t years the amount will be 


aA 8) -CT 


If n is taken very large, so that the interest is compounded every day 
or even every hour, then as n tends to infinity the quantity in the 
brackets, according to §6, approaches e”™, and in the limit the 
amount after t years would be 


(7) t- ent 


which corresponds to a continuous process of compounding interest. 
We may also calculate the time s taken for the original capital to double 


-03a 
at 3% continuous compound interest. We have a = 2, so that 


s= ~ log 2 = 23.10. Thus the money will have doubled after about 
twenty-three years. 

Instead of following this step-by-step procedure and then passing to 
the limit, we could have derived the formula (7) simply by saying that 
the rate of increase u’ of the capital is proportional to u with the factor 
k = .03, so that 


w = ku, where k = .03. 


The formula (7) then follows from the general result (4). 
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3. Other Examples. Simplest Vibrations 


The exponential function often occurs in more complicated combina- 
tions. For example, the function 


(8) u=e*, 
where k is a positive constant, is a solution of the differential equation 
w = —Qkeru. 


The function (8) is of fundamental importance in probability and sta- 
tistics, since it defines the “normal” frequency distributions. 

The trigonometric functions u = cos tł, v = sin ¢ also satisfy a very 
simple differential equation. We have first 


w = —sin t = —2, 


v = cost = 4, 


which is a “system of two differentia] equations for two functions.” 
By differentiating again, we find 


u” = =v = —-4, 


v =u’ = =v, 


so that both functions u and v of the time variable ¢ can be considered 
as solutions of the same differential equation 

(9) z’ -+2z= 0, 

which is a very simple differential equation of the “second order,” i.e. 
involving the second derivative of z. This equation and its generaliza- 
tion with a positive constant k’, 

(10) z” + kz =0, 


for which z = cos kt and z = sin kt are solutions, occur in the study of 
vibrations. This is why the oscillating curves u = sin kt and u = cos kt 


? 
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(Fig. 280) form the backbone of the theory of vibrating mechanisms. 
It should be stated that the differential equation (10) represents the 
ideal case, where there is no friction or resistance. Resistance is ex- 
pressed in the differential equation of vibrating mechanisms by another 
term rz’, 


(11) z” + rz’ + kz = 0, 


and the solutions now are “damped” vibrations, mathematically ex- 
pressed by the formula 
z 
ee? cos wt, € "P sinoti w= 4/k — (5) 
? 


and graphically represented by Figure 281. (As an exercise the reader 





Fig. 281. Damped vibrations. 


may verify these solutions by performing the differentiations.) Ths 
oscillations here are of the same type as those of the pure sine or cosine, 
but they are cut down in their intensity by an exponential factor, de- 
creasing more or less rapidly according to the size of the friction co- 
efficient r. 
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4. Newton’s Law of Dynamics 


Although a more detailed analysis of these facts is beyond our scope, 
we wish to bring them under the general aspect of the fundamental 
concepts with which Newton revolutionized mechanics and physics. 
He considered the motion of a particle with mass m and space co- 
ordinates z(Q), y(t), 2({) which are functions of the time ¢, so that the 
components of the acceleration are the second derivatives, z’'(t), y’’(d), 
z(t). The all-important step was Newton’s realization that the quan- 
tities mz”, my”, mz” can be considered as the components of force 
acting on the particle. At first sight this might appear to be only a 
formal definition of the word “force” in physics. But Newton's great 
achievement was to have shaped this definition in accordance with the 
actual phenomena of nature, inasmuch as nature very often provides 
a field of such forces which are known to us in advance without our 
knowing anything about the particular motion we want to study. 
Newton’s greatest triumph in dynamics, the justification of Kepler’s 
law for the motion of the planets, shows clearly the harmony between 
his mathematical concept and nature. Newton first assumed that the 
attraction of gravity is inversely proportional to the square of the dis- 
tance. If we put the sun at the origin of the codrdinate system, and 
if a given planet has the codrdinates z, y, z, then it follows that the 
components of the force in the z, y, z directions are equal, respectively, to 


kes, —k.3, —k.5, 

where k is a gravitational constant not depending on the time, and 
r= 2? + 7? + 2 is the distance from the sun to the planet. These 
expressions determine the local field of force, irrespective of the motion 
of a particle in the field. Now this knowledge of the field of forces is 
combined with Newton’s general law of dynamics (i.e. his expression 
for the force in terms of the motion); equating the two different expres- 
sions yields the equations 


—kz 
BF ee 

"o —ky 
my = (£? + y? + g?)a2! 

i — kz 


T EF F A 
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a system of three differential equations for three unknown. functions 
z(t), y(4), 2(4). This system can be solved, and it turns out that, in 
accordance with Kepler’s empirical observations, the orbit of the planet 
is a conic section with the sun at one focus, the areas swept out by a 
line joining the sun to the planet are equal for equal time intervals, and 
the squares of the periods of complete revolution for two planets are 
proportional to the cubes of their distances from the sun. We must 
omit the proof, 

The problem of vibrations provides a more elementary illustration of 
Newton’s method. Suppose that we have a particle moving along a 
straight line, the z-axis, and tied to the origin by an elastic force, such 
as a spring or a rubber band. If the particle is removed from its posi- 
tion of equilibrium at the origin to a position given by the codrdinate z, 
the force will pull it back with an intensity that we assume propor- 
tional to the extension z; since the force is directed towards the origin, 
it will be represented by —k’z, where —k? is a negative factor of pro- 
portionality expressing the strength of the elastic spring or rubber band. 
Furthermore, we assume that there is friction retarding the motion, 
and that this friction is proportional to the velocity z’ of the particle, 
with a factor of proportionality —r. Then the total force at any moment 
will be given by —k’x — rz’, and according to Newton’s general prin- 
ciple we find mz” = — k'r — rz’ or 

mz" + rz’ + k'r = 0. 
This is exactly the differential equation (11) of damped vibrations 
mentioned above. 

This simple example is of great importance, since many types of 
vibrating mechanical and electrical systems can be described mathe- 
matically by exactly this differential equation. Here we have a typical 
instance where an abstract mathematical formulation bares with one 
stroke the innermost structure of many apparently quite different and 
unconnected individual phenomena. This abstraction from the par- 
ticular nature of a given phenomenon to a formulation of the general 
law which governs the whole class of phenomena is one of the charac- 
teristic features of the mathematical treatment of physical problems. 


SUPPLEMENT TO CHAPTER VIII 
§1. MATTERS OF PRINCIPLE 


1. Differentiability 


We have linked the concept of derivative of a function y = f(z) with 
the intuitive idea of tangent to the graph of the function. Since the 
general concept of function is so wide, it is necessary in the interests of 
logical completeness to do away with this dependence on geometrical 
intuition. For we have no guarantee that the intuitive facts familiar 
from the consideration of simple curves such as circles and ellipses will 
necessarily subsist for the graphs of more complicated functions, Con- 
sider, for example, the function in Figure 282, whose graph has a corner. 


Y 
| y 
~ — p 5 
Fig. 282 y= s+! sl. Fig. 283. y = | x |. Fig. 284. y= z+ {2/4 
@—1)+[2—1],. 


This function is defined by the equation y = z + |x|, where |z | is 
the absolute value of zx, i.e. 

y= z+ z = 22 for z > 0, 

y=r-r=0 for z< 0. 


Another such example is the function y = |z |; still another is the 
function y = z + |z| + (z — 1)+ |z — 1|. The graphs of these 
functions fail to have a definite tangent or direction at certain points; 
this means that the functions do not possess derivatives for the corre- 
sponding values of z. 


Ezercises: 1) Form the function f(z) whose graph is one-half of a regular 
hexagon. 

2) Where are the corners of the graph of 

sz) =G@+tizPD+He-HDt+ [2 -Fh tetz la 


What are the discontinuities of f’(z)? 
462 
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For another simple example of non-differentiability, we consider the 
function 
. 1 
y = J (z) = r Sin x? 
which is obtained from the function sin 1/z (see p. 283) by multiplica- 
tion by the factor z; we define f(z) to be zero forz = 0. Th’s function, 
whose graph for positive values of z is shown in Figure 285, is con- 


1 
Fig. 286. yezni 


tinuous everywhere. The graph oscillates infinitely often in the neigh- 
borhood of z = 0, the “waves” becoming very small as we approach 
xz = 0. The slope of these waves is given by 


f(z) = sin £ —1 cos 1 

t £ T 
(the reader may verify this as an exercise); as x tends to O this slope 
oscillates between ever-increasing positive and negative bounds. For 
x = 0 we may try to find the derivative as the limit for h — 0 of the 
difference quotient 


. 1 

A sin = 
fO + h) — f(0) h_o. 1 
a =n sin z. 
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But as h — 0 this difference quotient oscillates between —1 and +1 
and does not approach a limit; hence the function cannot be differenti- 
ated at r = 0. | 

These examples indicate a difficulty inherent in the subject. Weier- 
strass has most strikingly illustrated the situation by constructing a 
continuous function whose graph does not have a tangent at any point. 
While differentiability implies continuity, this shows that continuity 
does not imply differentiability, since Weierstrass’ function is con- 
tinuous and nowhere differentiable. In practice such difficulties will 
not arise. Except perhaps for isolated points, curves will be smooth 
and differentiation will not only be possible but will yield a continuous 
derivative. Why, then, should we not simply stipulate that “patho- 
logical” phenomena are to be absent in problems under consideration? 
This is exactly what one does in the calculus, where only differentiable 
functions are considered. In Chapter VIII we carried out the differ- 
entiation of a Jarge class of functions and thereby proved their differen- 
tiability. 

Since the differentiability of a function is not a logical matter of 
course, it must either be assumed or proved. The concept of tangent 
or direction of a curve, originally the basis for the concept of deriva- 
tive, is then derived from the purely analytical definition of derivative: 
If the function y = f(z) posessses a derivative, ie. if the difference 
quotient? (z tH Z f(z) has a single limit f'(x) as h tends to 0 from 
either side, then the corresponding curve is said to have a tangent with 
the slope f'(x). Thus the naive attitude of Fermat, Leibniz, and New- 


ton is reversed in the interests of logieal cogeney 


aw Tweet oe = are a ya wie Spee oe 


Exercises: 1) Show that the continuous function defined by z? sin (1/z) has 
a derivative at z = 0. 

2) Show that the function arc tan (1/z) is discontinuous for z = O, that 
zarce tan (1/2) is continuous there but has no derivative, and that z? arc tan (1/z) 
has a derivative at z = 0. 


2. The Integral 


The situation is similar with respect to the integral of a continuous 
function f(x). Instead of considering the “area under the curve” 
y = f(x) as a quantity which obviously exists and which ean be ex- 
pressed a posteriorz as the limit of a sum, we define the integral by this 
limit, and consider the concept of integral as the primary basis from 
which the general concept of area is afterward derived. This attitude 
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is forced upon us by a realization of the vagueness of geometrical intui- 
tion when applied to analytical concepts as general as that of continuous 
function. We start by forming a sum 


(1) S, = È fe) (z; — 2,4) = È flopae, 


where zo = @, 2%, +++ , Zn = bis a subdivision of the interval of integra- 
tion, Az; = z; — z; is the z-difference or length of the jth subinterval, 
and v; is an arbitrary value of z in this subinterval, i.e. tja < v; < 2z;. 
(We may take, for example, v; = z; or v; = 23.1.) Now we form a 
sequence of such sums in which the number n of subintervals increases 
and at the same time the maximum length of the subintervals decreases 
to zero. Then the main fact is: The sum S, for a given continuous 
function f(z) tends to a definite limit A, which is independent of the 
specific way in which the subintervals and points v; are chosen. By 


b 
definition, this limit is the integral A = f f(z) dz. Of course, the exist- 


ence of this limit requires analytical proof if we do not wish to rely on 
an intuitive geometrical notion of area. This proof is given in every 
rigorous textbook on the calculus. 

Comparing differentiation and integration, we are confronted with 
the following antithetical situation. Differentiability is definitely a re- 
strictive condition on a continuous function, but the actual carrying out 
of the differentiation, i.e. the algorithm of the differential calculus, is in 
practice a straightforward procedure based on a few simple rules. On 
the other hand, every continuous function without exception possesses 
an integral between any two given limits. But the explicit calculation 
of such integrals, even for quite simple functions, is in general a very 
difficult task. At this point the fundamental theorem of the calculus 
becomes in many cases the decisive instrument for carrying out the 
integration. However, for most functions, even for very elementary 
ones, integration does not yield simple explicit expressions, and the 
numerical computation of integrals requires advanced methods. 


3. Other Applications of the Concept of Integral. Work. Length 


Dissociating the analytical notion of integral from its original geome- 
trical interpretation, we meet a number of other, equally important, 
interpretations and applications. For example, the integral can be 
interpreted in mechanics as expressing the concept of work. The fol- 
lowing simplest case will suffice for our explanation. Suppose a mass 
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moves along the z-axis under the influence of a force directed along 
the axis. This mass is thought of as concentrated at the point with 
the codrdinate z, and the force is given as a function f(z) of the position, 
the sign of f(z) indicating whether it points in the positive or negative 
x-direction. If the force is constant and moves the mass from a to b, 
then the work done is given by the product, (b — a)f, of the intensity J 
of the force and the distance traversed by the mass. But if the in- 
tensity varies with z, we shall have to define the amount of work done 
by a limiting process (as we defined velocity). To this end we divide 
the interval from a to b as before into small subintervals by the points 
Yo = Q, Zi, °+-, ča = b; then we imagine that in each subinterval the 
force is constant and equal, say, to f(z,), the actual value at the end- 
point, and calculate the work that would correspond to this stepwise 
varying force: 


Sn = 2 f(z,)Az,. 


If we now refine the subdivision as before and let n increase, we see that 
the sum tends to the integral 


J ' f(z) dz. 


Thus the work done by a continuously varying force is defined by an 
integral. 

As an example let us consider a mass m fastened by an elastic spring 
to the origin z = 0. The force f(z) will, in line with the discussion on 
page 461, be proportional to z, 


f(x) = —b'» 
Pe el wom) 


where k’ is a positive constant. Then the work done by this force if 
the mass moves from the origin to the position z = 6 will be 

b 

9’ 

and the work we must do against this force, if we want to pull out the 


b 
f — k'rdr = —k 
0 


2 
spring to this position, is+ Ke . 


A second application of the general notion of integral is to the concept 
of arc length of a curve. Let us suppose that the portion of the curve 
under consideration is represented by a function y = f(z) whose deriva- 


tive f(z) = ae is also a continuous function. To define length we pro- 
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ceed exactly as though we had to measure a curve for practical purposes 
with a straight yardstick. We inscribe in the arc AB a polygon with 
n small edges, measure the total length LZ, of this polygon, and consider 
the length Z, as an approximation; letting n increase and the maximum 
length of the edges of the polygon decrease toward zero, we define 


L = lim Ly 


as the length of the are AB. (In Chapter VI the length of a circle 
was obtained in this way as the limit of the perimeters of inseribed 
regular n-gons.) It can be shown that for sufficiently smooth curves 
this limit exists and is independent of the specific way in which the se- 
quence of inscribed polygons is chosen. Curves for which this holds 
are said to be rectifiable. Any “reasonable” curve that arises in theory 
or applications will be rectifiable, and we shall not dwell on the investi- 
gation of pathological cases. It will suffice to show that the are AB, 
for a function y = f(z) with a continuous derivative f’(z), has a length 
L in this sense, and that L can be expressed by an integral. 

To this end, let us denote the z-codrdinates of A and B by a and b 
respectively, then subdivide the z-interval from a to b as before by the 
points % = a, %,-°+:,2;,°++,2, = b, with the differences Az; = 
2; — zjn, and consider the polygon with the vertices z;, y; = f(z;) 
above these points of subdivision. A single edge of the polygon will 


1 


ay 


B 
T: T: 


Fig. 286. Arc length. 


have the length V (2; = tia) + (y; — Ya) = V Az; + Ay; = 


Az; "A 1 + (3). Hence we have for the total length of the polygor 
; 


Ő 


-5 AYY Ar. 
L= 2}, 1+ (3#) Az;. 


j=l 


If now n tends to infinity, the difference quotients aa will tend to the 
; 
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derivative d = f'(x) and we obtain for the length L the integral 


expression 


(2) L = Í V1 + (f’(z))? dz. 


Without going into further details of this theoretical discussion we 

make two supplementary remarks. First, if B is considered as a variable 
tlh 4h tha aes tha FT ae Fie\ ha 

point on the cur ve with vne cool dinate T, wunen Lu = L(z) pecomes a 


function of z, and we have ve the fundamental theorem, 


Liz) = = = Vi +OP 


a frequently used formula. "Second while formula (2) gives the 
“general” solution of the problem, it hardly yields an explicit expression 
for arc length in particular cases. For this we have to substitute the 
specific function f(z), or rather f’(z), in (2), and then to undertake the 
actual integration of the expression obtained. Here the difficulty is 
in general insurmountable if we restrict ourselves to the realm of the 
elementary functions considered in this book. We shall mention a few 
cases in which the integration is possible. The function 


y = flr) = vi- 2 


z 
represents the unit circle; we have f’(z) = y = Vi whence 


— 1 
Vi + f(zy = 75 80 that the arc length of a circular arc is given 


1 — 2? 
wii a 


by the integral 





£ . . 
— = arc sin b — arc sina. 
ll V1— 2 


For the parabola y = z’ we have f'(x) = 2z and the arc length from 
= 0 toz = bis 


pe 
j, Vi + 427 dz. 


For the curve y = log sin z we have f'(x) = cot z and the arc length 
is expressed by 


b 
f VI + cot? zdz. 
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We shall be content with merely writing down these integral expres- 
sions. They could be evaluated with a little more technique than we 
have at our command, but we shall go no farther in this direction. 


§2, ORDERS OF MAGNITUDE 


1. The Exponential Function and Powers of x 


Frequently in mathematics we encounter sequences a, which tend 
to infinity. Often we need to compare such a sequence with another 
sequence, bn, also tending to infinity, but perhaps “faster” than a,. 
To make this concept precise, we shall say that ba tends to infinity 
faster than a,, or has a higher order of magnitude than an, if the 


ratio An/ bn (numerator -and denominator of w -hich both tend to infinity) 
tends to zero as n increases. Thus the sequence b, = n° tends to in- 


finity faster than the sequence a, = n, and the latter in turn faster 
than c, = y'n, for 

a, Oo on | CGn  Vn_ | 

bn ne n , Qn n s/n 
It is clear that n° tends to infinity faster than n” whenever s > r > 0, 
since then n/n! = 1/n“~ — 0. 

If the ratio a,/b, approaches a finite constant c, different from zero, 
we say that the two sequences a, and 6, approach infinity at the same 
rate or have the same order of magnitude. Thus a, = n’ and 
ba = 2n? + n have the same order of magnitude, since 


An n? 1 1 


One might think that with the powers of n as a yardstick one could 
measure the different degrees of becoming infinite for any sequence an 
that tends to infinity. To do this one would have to find a suitable 
power n° with the same order of magnitude as a, ; i.e. such that a,/n’ 
tends to a finite constant different from zero. It is a remarkable fact 


that this is by no means always possible since the erpanential Junction 


that this is mear sible, since the exponent 
a" wth a > 1 (e.g. e°) tends to infinity faster than any power n*, however 
large we choose s, while log n tends to infinity slower than any power n*, 
however small the positive exponent s. In other words, we have the rela- 
tions 


(1) ~~? 0 
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and 


n’ 
as n — ©, The exponent s here need not be an integer, but may be 
any fixed positive number. 
To prove (1) we first simplify the statement by taking the sth root 
of the ratio; if the root tends to zero, the original ratio does also. Hence 
we need only prove that 


n 


* 0 
qne 


as n increases. Let b = a’”; since a is assumed to be greater than 
1, b and also +/6 = b? will be greater than 1. We may write 


b=1+4, 
where q is positive. Now by the inequality (6) on page 15, 
bn? = (l+q)">1+ ng > ng, 
so that 
a" =b >ne 
and 


n n l 


Since the latter quantity tends to zero as n increases, the proof is 
complete. 
As a matter of fact, the relation 


T 
(3) = 0 
holds when z becomes infinite in any manner by running through a 
sequence %, 2%2,-+:, which need not coincide with the sequence 
1, 2, 3, --- of positive integers. For ifn — 1 < x < n, then 
a 
z n n 
_— —— = (Ql — > 0. 
a* a- a” 


This remark may be used to prove (2). Setting z = log n and 
e' = a, so that n = e* and n’ = (e’)’, the ratio in (2) becomes 


zx 
az’ 


which is the special case of (3) for s = 1. 
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Ezercises: 1) Prove that for z — œ the function log log z tends to infinity 
more slowly than log z. 2) The derivative of z/log z is 1/log z — 1/(log z)’. 
Prove that for large z it is “asymptotically” equivalent to the first term, 
1/log z, i.e. that their ratio tends to 1 as z > œ. 


2. Order of Magnitude of log (n!) 


In many applications, e.g. in the theory of probability, it is important 
to know the order of magnitude or “asymptotic behavior” of n! for large 
values of n. We shall here be content with studying the logarithm of 
n!, i.e. the expression 


P, = log 2 + log 3 + log 4 + -.-. + logn. 


We shall show that the “asymptotic value” of P, is given by n log n; 
i.e. that 
l 
log(m!) sy 


+ Tar +) 
fb 1V fk 


agn— o, 
The proof is typical of a much used method of comparing a sum with 
an integral. In Figure 287 the sum P, is equal to the sum of the areas 


Y 





atl 
| log zdz = (n + 1) log (n+ 1) —(n +1) 4+1 


under the logarithmic curve from 1 to n + 1 (see p. 450, Exercise 1)). 
But the sum P, is likewise equal to the total area of the rectangles whose 
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tops are marked by broken lines and which together exceed the area 
under the curve from 1 to n, given by 


f log zdr = nlogn—n+1 
1 


Thus we have 
nlogn —n +1 <P, <'(n + 1) log (n+ 1) — n, 
and dividing by n log n, 


1 1 Pa log (n + 1) 1 
—- — p ee Lt 1 Wo A F La n 
logn nlogn nlogn < (+ 1/n) log n log n 
= (1 + 1/n) logn + log (1 + 1/a) _ 1 


log n log n` 


Obviously the two bounds tend to 1 as n tends to infinity, and our 
statement is proved. 

Exercise: Prove that the two bounds are greater than 1 — 1/n and less than 
1 + 1/n respectively. 


§3. INFINITE SERIES AND PRODUCTS 


1. Infinite Series of Functions 


As we have already stated, expressing a quantity s as an infinite series, 
(1) s= b +b tbt, 


is nothing but a convenient symbolism for the statement that s is the 
limit, as n increases, of the sequence of finite “partial sums”, 


8, 89, 83, e, 
where 
(2) 8n = bitb: + +++ + On, 
Thus the equation (1) is equivalent to the limiting relation 
(3) lim & = 8 as n>a, 


where sn is defined by (2). When the limit (3) exists we say that the 
series (1) converges to the value s, while if the limit (3) does not exist, 
we say that the series diverges. 

Thus, the series 


L-d+b-F+- 
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converges to the value 7/4, and the series 
L-}+}—F4-- 
converges to the value log 2; on the other hand, the series 
1-1+1—-1+4... 
diverges (since the partial sums alternate between 1 and 0), and the 
series 
1+1+1+1+- 
diverges because the partial sums tend to infinity. 
We have already encountered series whose terms b; are functions of 
z of the form 
bi = ez’, 
with constant factors c;. Such series are called power series; they are 
limits of polynomials representing the partial sums 
= o + ye + ar + ee + ent” 
(the addition of the constant term cy requires an unessential change in 
the notation (2)). An expansion 
Siz) = co + az +z +.. 


of a function f(z) in a power series is thus a way of expressing an ap- 
proximation of f(z) by polynomials, the simplest functions. Sum- 
marizing and supplementing previous results, we list the following 
power series expansions: 





(4) al rt- f+, valid for —1 < z < +1 
(5) tte 22H En, valid for —1 < z < +1 
(6) log (1 + z) = z — ZHZ a valid for —1 < z < +1 
(7) blog = = an valid for -—1 < z < +1 
(8) e=1l+2+ > E: aa valid for all z. 


To this collection we now add the following important expansions: 


i i 
(9) sins =r- AHIT valid for all z, 
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e r 


1 = |- — — — ose i 
(10) cosz = 1 ait 1i ; valid for all z. 
The proof is a simple consequence of the formulas (see p. 440) 
(a) f sin udu = 1 — cos z, 

0 
(b) [ cos udu = sin 2. 

0 
We start with the inequality 

cos z < l. 


Integrating from 0 to z, where z is any fixed positive number, we find 
(see formula (13), p. 414) 

sin z < z; 
integrating this again, 


z 
I — cosz < 5? 
which is the same thing as 
2 
x 
coszxz>1- 3 
Integrating once more, we obtain 
. : T 
smz>zr— x 


23  ~ 31 
Proceeding indefinitely in this manner, we get the two sets of inequalities 


sinz <u cosz <1 

sine > 2-7 cos 2 21-2 

snz <z- 3+2 cose S1- E45 
dint > 2-2 42-2 osz>1-74 +2- 


Now z/n! — 0 as n tends to infinity. To show this we choose a 
fixed integer m such that z/m < 4, and write ¢ = 2”/m!. For any 
integer n > m let us set n = m + r; then 


T r 
0< iT afimp myr O 


INFINITE SERIES OF FUNCTIONS 475 


and as n —> œ, r also — œ and hence c(4)’ — 0. It follows that 


, èt oo! r 
sin z = z- atate 
2 4 6 
eo zr r 
cosz= lata gt 


Since the terms. of the series are of alternating sign and decreasing 
magnitude (at least for | z| < 1), it follows that the error committed by 
breaking off either series at any term will not exceed in magnitude the value 
of the first term dropped. 

Remarks. These series can be used for the computation of tables. 
Example: What is sin 1°? 1° is +/180 in radian measure; hence 


gin 7 = T (i) + 
180 180 6 \180 E 
1 x \ 
The error committed by breaking off here is not greater than —— 150 (5) , 


which is less than 0.000 000 000 02. Hence sin 1° = 0.017 452 406 4, to 
10 places of decimals. 


Finally, we mention without n 
UAWAL AVAAN U F 


(11) (1 + 2) = 1 + ar + Cir + Cirt., 
where C$ is the “binomial coefficient” 
ala — 1)(a — 2) «++ (a — 8 + 1) 

a! ° 


Ci = 


rs> 7 
han anafGatantn £18 ilin Ter mnbnsm the T ner S 
ne cocmcecients u, in (11) are z2cro, 80 wnat we simply Tétain tne nnit 


D 


Ifa = nis positive integer, then we have Ch = 1, and fo 
t 


[r 
M 


al 
formula of the ordinary binomial theorem. It was one of Newton’s 
great discoveries, made at the beginning of his career, that the element- 
ary binomial theorem can be extended from positive integral exponents 
n to arbitrary positive or negative, rational or irrational exponents a. 
When a is not an integer the right side of (11) yiclds an infinite series, 
valid for —1 < z < +1. For |z| > 1 the series (11) is divergent and 
thus the equality sign is meaningless. 

In particular, we find, by wes a = } in (11), the expansion 


t+ 2 1.3-5 


4 
= sa? =- gga to 


(12) Vli+r=1+ł}r-— x =F 


Like the other mathematicians of the eighteenth century, Newton did 
not give a real proof for the validity of his formula. A satisfactory 


476 THE CALCULUS [ VIII ] 


analysis of the convergence and range of validity of such infinite series 
was not. given until the nineteenth century. 


Exercise: Write the power series for 4/1 — z? and for 1/4/1 — z. 


The expansions (4) — (11) are special cases of the general formula of 
Brook Taylor (1685-1731), which aims at expanding any one of a large 
class of functions f(z) in the form of a power series, 


(13) f(z) =o + az + ox’ + er? + o, 


by finding a law that expresses the coefficients c; in terms of the func- 
tion f and its derivatives. It is not possible here to give a precise proof 
of Taylor’s formula by formulating and establishing the conditions for 
its validity. But the following plausibility considerations will illuminate 
the interconnections of the relevant mathematical facts. 

Let us tentatively assume that an expansion (13) is possible. Let us 
further assume that f(x) can be differentiated, that f'(x) can be dif- 
ferentiated, and so on, so that the unending succession of derivatives 


S(O) SL (Or LPR 
actually exists. Finally, we take as granted that an infinite power 
series may be differentiated term by term just like a finite polynomial. 
Under these assumptions, we can determine the coefficients cy, from a 
knowledge of the behavior of f(z) in the neighborhood of z = 0. First, 
by substituting z = 0 in (13), we find 

co = f(0), 

since all terms of the series containing z disappear. Now we differentiate 
(13) and obtain 
(13^) S'(z) = 61 + 2r + 3er + --- + nent + --- 
Again substituting z = 0, but this time in (13’) and not in (13), we find 


a= t'(0). 
By diffcrentiating (13) we obtain 
I l n—2 
(13) f(z) = 2a + 2-3- + --- + (n — 1)-n ens + ; 


then substituting z = 0 in (13’’), we sce that 
2! & = f”(0). 

Similarly, diff rentiating (13”) and then substituting z = 0, 
3! e = f” (0), 
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and by continuing this procedure, we get the general formula 
_— l gw 
Cn = n J (0), 
where f'™ (0) is the value of the nth derivative of f(z) at z = 0. The 
result is the Taylor series 


(14) fz) = f0) + af) + 5" + O ++. 


As an exercise in differentiation the reader may verify that, in examples 
(4)-(11), the law of formation of the coefficients of a Taylor series is 
satisfied. 

2. Euler’s Formula, cos x + isin x = e" 


One of the most fascinating results of Euler’s formalistic manipula- 
tions is an intimate connection in the domain of complex numbers 
between the sine and cosine functions on the one hand, and the ex- 
ponential function on the other. It should be stated in advance that 
Euler’s “proof” and our subsequent argument have in no sense 4 rigorous 
character; they are typically eighteenth century examples of formal ma- 
nipulation. 

Let us start with De Moivre’s formula proved in Chapter II, 


(cos np + îi sin ng) = (copy + ising)". 
In this we substitute ¢ = z/n, obtaining the formula 


(cos z + tsin z) = (cos # + isin Z) . 
n n 
Now if z is given, then cos = will differ but slightly from cos 0 = 1 
for large n; moreover, since 


. Z 
sın — 
n 


z z 
(see p. 307), we see that sin 7 is asymptotically equal to z We 
may therefore find it plausible to proceed to the limit formula 


(14) cos z + ¿sin z = lim (+2) as n — o. 


478 THE CALCULUS [ VIII] 

Comparing the right side of this equation with the formula (p. 449) 
e = tim (1 +2) asa >o, 

we have 

(15) cos z + isin z = e”, 


which is Euler’s result. 
We may obtain the same result in another formalistic way from the 
expansion of e’, 


z? 


z, 

e = l+—oa+354+35+ e.e., 
il 2] 3! 

by substituting in it z = tz, z being a real number. If we recall that 

the successive powers of ¢ are t, —1, —2z, +1, and so on periodically, then 

by collecting real and imaginary parts we find 


iz to rt az . è f r 
e = (1-5 that) +e sit 1 7! e) 


comparing the right hand side with the series for sin z and cos z we 
again obtain Euler’s formula. 

Such reasoning is by no means an actual proof of the relation (15). 
The objection to our second argument is that the series expansion for 
e" was derived under the assumption that z is a real number; therefore 
the substitution z = 7x requires Justification. Likewise the validity of 
the first argument is destroyed by the fact that the formula 


e = lim (1 + z/n)" asn — œ 


was derived for real values of z only. 

To remove Euler’s formula from the sphere of mere formalism to that 
of rigorous mathematical truth required the development of the theory 
of functions of a complex variable, one of the great mathematical 
achievements of the nineteenth century. Many other problems stimu- 
lated this far-reaching development. We have seen, for example, that 
the expansions of functions in power series converge for different z-inter- 
vals. Why do some expansions converge always, i.e. for all z, while 
others become meaningless for | z | > 1? 

Consider, for example, the geomctrical scries (4), page 473, which con- 
verges for |z| < 1. The left side of this equation is perfectly mean- 
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ingful when z = 1, taking the value ——— rai + i = 5, while the series on the 


right behaves most strangely, becoming 
l1-1l+1—-1+4.:.., 


This series does not converge, since its partial sums oscillate between 1 
and 0. This indicates that functions may give rise to divergent series 
even when the functions themselves do not show any irregularity. Of 





course, the function i l > becomes infinite when z — —1. Since it 


can easily be shown that convergence of a power series for z = a > 0 
always implies convergence for —a < z < a, we might find an ‘‘explana- 
tion” of the queer behavior of the expansion in the discontinuity of 
EE for z = —1. But the function i + = 
the series 








may be expanded into 


1 

1+2 

by substituting x’ for z in (4). This series will also converge for |z | < 1, 

while for z = 1 it again leads to the divergent series 1 — 1 + 1 — 

l + --.,and for |z| > 1 it diverges explosively, although the func- 
tion itself is everywhere regular. 

It has turned out that a complete explanation of such phenomena is 

possible only when the functions are studied for complex values of the 


l-—-v+a'—x'4+... 





variable z, as well as for real values. For example, the series for i ri E 
must diverge for z = z because the denominator of the fraction becomes 
zero. It follows that the series must also diverge for all z such that 
|z| > |¿| = 1, since it can be shown that its convergence for any 
such x would imply its convergence for sx = i. Thus the question of 
the convergence of series, completely neglected in the early period of 
the calculus, became one of the main factors in the creation of the 
theory of functions of a complex variable. 


3. The Harmonic Series and the Zeta Function. Euler’s Product for 
the Sine 


ries whose terms are simple combinations of the integers are par- 
ticularly interesting. As an example we consider the “harmonic series” 


— TE Tra Lad HIII CO EDIT Medhar 


un 
® 


(16) 1ta tgti tee tote 


480 THE CALCULUS { VIII] 


which differs from that for log 2 by the signs of the even-numbered 


tarno antluy 
VOA LLIS ILLY» 


To ask whether this series converges is to ask whether the sequence 
81, 82, 8g, tt, 


where 
(17) moltstatenr te, 
n 


tends to a finite limit. Although the terms of the series (16) approach 
0 as we go out farther and farther, it is easy to see that the series does 
not converge. For by taking enough terms we can exceed any positive 
number whatever, so that 8, increases without limit and hence the 
series (16) “diverges to infinity.” To see this we observe that 


& = 1+ 3, 
etG+})>atGt+)=14+35, 
wt Rt +P > wt at e tatil 


and in general 


& 


8g 


(18) am > 1 + > 


Thus, for example, the partial sums sım exceed 100 as soon as m > 200. 
Although the harmonic series does not converge, the series 


1 1 1 1 
(19) l+s+¢gtgte tate 


may be shown to converge for any value of s greater than 1, and defines 
for all s > 1 the so-called zeta function, 


f 1 1 1 1 
(20) a) = im (14i titit E)an> o, 


as a function of the variable s. There is an important relation between 
the zeta-function and the prime numbers, which we may derive by using 
our knowledge of the geometrical series. Let p = 2, 3, 5, 7, --- be any 
prime; then for s > 1, 
o<} <i, 
p’ 
so that 


1 
a +5 += stot 
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Let us multiply together these expressions for all the primes 
p = 2, 3, 5, 7, -+- without concerning ourselves with the validity of 
such an operation. On the left we obtain the infinite “product” 


(=) (=) 7) 


= limit as n — œ off 1 se | 


while on the other side we obtain the series 
1 1 
I+st3 t oer = ¢(s), 


by virtue of the fact that every integer greater than 1 can be expressed 


uniquely as the product of powers of distinct primes. Thus we have 
represented the zeta-function as a product: 


m ro- (rra) ~ 


If there were but a finite number of distinct primes, say Pi, Pz, 
Ds,+*-, pr, then the product on the right side of (21) would be an 
ordinary finite product and would therefore have a finite value, even 
fors = 1. But as we have seen, the zeta series for s = 1 
f1)=1+ 3+ 3+: 
diverges to infinity. This argument, which can easily be made intoarigor- 
ous proof, shows that there are infinitely many primes. Of course, this 
is much more involved and sophisticated than the proof given by Euclid 
(see p. 22). But it has the fascination of a difficult ascent of a mountain 
peak which could be reached from the other side by a comfortable road. 
Infinite products such as (21) are Sometimes just as useful as infinite 
series for representing functions. Another infinite product, whose dis- 
covery was one more of Euler’s achievements, concerns the trigonometric 
function sin z. To understand this formula we start with a remark on 
polynomials. If f(z) = a + az +--+ + az” is a polynomial of 
degree n and has n distinct zeros, 2%, +>- , Za, then it is known from 
algebra that f(z) can be decomposed into linear factors: 


J(=) = analt — z1) +++ (2 — Zn) 


(see p. 101). By factoring out the product 212.:-+2a we can write 


c-e(+- 2-3) (0-3) 
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where C is a constant which, by setting z = 0, is recognized as C = a. 
Now, if instead of polynomials we consider more complicated functions 
f(z), the question arises whether a product decomposition by means of 
the zeros of f(z) is still possible. (In general.this cannot be true, as 
shown by the example of the exponential function which has no zeros at 
all, since e7 = O for every value of z.) Euler discovered that for the 
sine function such a decomposition ts possible. To write the formula 
in the simplest way, we consider not sin z, but sin wz. This function 
has the zeros z = 0, +1, +2, +3, ---, since sin mn = O for all 
integers n and for no other numbers. Euler’s formula now states that 


2 2 2 2 
(22) singz = ro(1 - =) — aE -Z\(1 -7) a. 


This infinite product converges for all values of z, and is one of the most 
beautiful formulas in mathematics. For x = } it yields 


. T T 1 1 1 1 
i3140 -aara -ra aa) 


If we write 
1 _ (2n — 1)(2n + 1) 


B.n? 2n- 2n , 
we obtain Wallis’ product, 


l = 





-u — 


2 


mentioned on page 300. 
For proofs of all these facts we must refer the reader to textbooks on 


the calculus (see also pp. 509-510). 


**84. THE PRIME NUMBER THEOREM OBTAINED BY 
STATISTICAL METHODS 


When mathematical methods are applied to the study of natural 
phenomena one is usually satisfied with arguments in the course of 
which the chain of strict logical reasoning is interrupted by more or less 
plausible assumptions. Even in pure mathematics one encounters 
reasoning which, while it does not provide a rigorous proof, nevertheless 
suggests the correct solution and points the direction in which a rigorous 
proof may be sought. Bernoulli's solution of the brachistochrone 
problem (see p. 383) has this character, as does most of the early work 


in analysis. 
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By a procedure typical of applied mathematics and particularly of 
statistical mechanics we shall here present an argument that at least 
makes plausible the truth of Gauss’s famous law of the distribution of 
the primes. (A related procedure was suggested to one of the authors 
by the experimental physicist Gustav Hertz.) This theorem, discussed 
empirically in the supplement to Chapter I, states that the number A (n) 
of primes not exceeding n is asymptotically equivalent to the quantity 
n/log n: 


n 


Aln) ~ . 
log n 


By this is meant that the ratio of A(n) to n/log n tends to the limit 1 
as n tends to infinity. 

We start by making the assumption that there exists a mathematical 
law which describes the distribution of the primes in the following sense: 
for large values of n the function A(n) is approximately equal to the 


integral f W(z) dz, where W(z) is a function which measures the 
2 


“density” of the primes. (We choose 2 as lower limit of the integral 
because for z < 2 clearly A(z) = 0.) More precisely, let x be a large 
number and Ar another large number but such that the order of mag- 
nitude of z is greater than that of Ar. (For example, we might agree 
to set Az = +/z,) Then we are assuming that the distribution of the 
primes is so smooth that the number of primes in the interval from z 


to x + Az is approximately equal to W(z)-Az, and moreover that 
W(x) as a function of z changes so slowly that the integral f W (x) dx 
2 


may be replaced by a subsequent rectangular approximation without 
changing its asymptotic value. With these preliminary remarks we are 
ready to begin the argument. 

We have proved (p, 471) that for large integers log n! is asymptoti- 
cally equal to n-log n, 


log n! ~ n-log n. 


Now we proceed by giving a second formula for log n! involving the 
primes and comparing the two expressions, Let us count how often 
an arbitrary prime p less than n is contained as a factor in the integer 
n! = 1.2.3... n. We shall denote by [a], the largest integer k such 
that p* divides a. Since the prime decomposition of every integer is 
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unique, it follows that [eb], = [a], + [b], for any two integers a and b. 
Hence . 
[n!}, = [1], + [2], + [3], oe eet [n], . 
The terms in the sequence 1, 2, 3,---, n which are divisible by p* 
are p°, 2p*, 3p", --- ; their number N, for large n is approximately 
n/p. The number M, of these terms which are divisible by p° and 
no higher power of p is equal to Ns — N. Hence 
[n]; = Mi + 2M: + 3M; +- 
= (Ni — Nd) + 2(N. — N) + 3(N2 — N) + + 
= Nt Nit Nite 
ee A eae 
p op- 


(These equalities are, of course, only approximate.) 
It follows that for large n the number n! is given approximately by 





the product of all the expressions p?— for all primes p < n. Thus we 
bave the formula 


log n! ~ > 


p<n 





4 log p. 


Comparing this with our previous asymptotic relation for log n! we find, 
writing x instead of n, 


(1) logz~ 2 log p 
p<z p — 1> 
The next and decisive step is to obtain an asymptotic expression in 
terms of W(z) for the right side of (1). When z is very large we may 
subdivide the interval from 2 to z = n into a large number r of large 
subintervals by choosing points 2 = $i, &, -> , &, 4: = z, with cor- 
responding increments Af; = £4: — ;. In each subinterval there 
may be primes, and all the primes in the jth subinterval will have 
approximately the value §;. By our assumption on W(z) there are 
approximately W(¢;)- AE; primes in the jth subinterval; hence the sum 
on the right side of (1) is approximately equal to 


r+1 


LOF wet Éi Ag. 
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Replacing this finite sum by the integral which it approximates, we have 
as a plausible consequence of (1) the relation 


z log £ 
(2) loge ~ f we E a 


From this we shall determine the unknown function W (z). If we re- 
place the sign ~ by ordinary equality and differentiate both sides with 
respect to z, then by the fundamental theorem of the calculus 








1 CES 

y 1 = WO) : 
z— 1 
W() = z log x 


We assumed at the beginning of our discussion that A(z) is approxi- 

mately equal to f W (z) dz; hence A(z) is approximately given by the 
2 
integral 
(4) | t—-1i4, 
2 clog 

In order to evaluate this integral we observe that the function 
f(x) = z/log z has the derivative 


, _ 1 
f(x) oe (log x)? 
For large values of x the two expressions 
d A D S S 
logz (log z)’ logz xzlogz 


are approximately equal, since for large x the second term in both cases 
will be much smaller than the first. Hence the integral (4) will be 
asymptotically equal to the integral 


[ raz = fa) - 12 = 


since the integrands will be almost equal over most of the range of in- 
tegration. The term 2/log 2 can be neglected for large z since it is a 
constant, and thus we obtain the final result 


_ 4. 
log x log?’ 


A(z) ~ Tope? 


which is the prime number theorem. 
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We cannot pretend that the preceding argument has more than a 
suggestive value. But on closer analysis the following fact emerges. 
It is not difficult to give a complete justification for all the steps that 
we have so boldly made; in particular, for equation (1), for the asymp- 
totic equivalence between this sum and the integral in (2), and for the 
step leading from (2) to (3). It is far more difficult to prove the existence 
of a smooth density function W (z), which we assumed at the beginning. 
Once we accept this, the evaluation of the function is a comparatively 
simple matter; from this point of view the proof of the existence of 
such a function is the central difficulty of the prime number problem. 


CHAPTER IX 
RECENT DEVELOPMENTS 


§1. A FORMULA FOR PRIMES 
(see page 25) 


Many different polynomials that produce primes are now known. 
They add little to our knowledge of prime numbers; instead, they dem- 
onstrate that polynomials can have very strange properties. 

In his celebrated address to the 1900 International Congress of Math- 


ematicians. David Hilbert nosed 23 problems whose solution he felt 


Srues staan, ie ee W. Pew se Se pre rave ee TF RRL. AFAUALALFAL SEU. AL AU 


would be of the highest importance to the advancement of mathematics. 
Hilbert's tenth problem is to find out whether there exists a general 
method—what we would now call an algorithm—for testing whether a 
Diophantine equation has a solution. In 1970, following earlier work by 
Martin Davis, Hilary Putnam, and Julia Robinson, the Russian mathe- 
matician Yuri Matijasevic proved that no such “decision algorithm” ex- 
ists. Because the method effectively uses polynomials as a rather 
cumbersome “programming language” in which to simulate computer 
algorithms, the polynomials produced are absolutely enormous. James 
Jones discovered an explicit system of polynomial equations for which 
no decision algorithm exists: it comprises 18 equations in 33 variables 
with maximum degree 5”. 

An intriguing by-product of Matijasevic's proof is that. there exists a 
(similarly complicated) polynomial p(x, . .. , 0.) in 23 variables, whose 
positive values, for integer values of the variables, are precisely the 
primes. In 1976 J. P. Jones, D. Sato, H. Wada, and D. Wiens published a 
relatively simple polynomial in 26 variables with the same property. Let 
the variables be denoted a, b, c,..., x, y, z (it is coincidental, but ty- 
pographically helpful, that the alphabet has 26 letters). Then their poly- 
noniial is: 


(k + 2)l-[we +h +j- af 
—-[(gk + 2g +k +1 (R+N)+h—-—2z)P - (n+ pt+qr+ez- ef 
= [16k + 1k + 2) + IY +1 -F 7 
-= fe(e +2) (a + 1° +1-—o0)] - [a - Dy + 1- xp 
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- [16y'(@ - 1) + 1- w} 

— [((a + w(u" — a)y- 1) (n + 4dy) + 1 — (x + cuy 
=- [n+l +v- y- [(@°- DË +1- mF- ai+tk+l-l-i 
- [p + Ka ~- n — 1) + b(2an + 2a - n? — 2n - 2) —- m} 

— |q + y(a — p — 1) + s(2ap + 2a - p* — 2p - 2) - x} 
- [z + pl(a — p) + t(2ap — p’ — 1) — pm}’}. 


The positive values of this expression, for integer values of a, ..., 2, 
are precisely the primes. 

There is an apparent paradox: the expression clearly factorizes. In- 
deed it is of the form (k + 2) {1 — M}. However, M is a sum of squares, 
so the expression is positive if and only if M = 0, and its value is then 
k + 2. So the polynomial M has to be constructed so that 


Mck, other variables) = 0 if and only if k + 2 is prime. 


This can be done using Matijasevic’s methods. 

This result becomes slightly /ess intriguing when it becomes apparent 
that in this context there is nothing very special about the primes. They 
can be replaced by any “recursively enumerable” sequence of num- 
bers—which means essentially an infinite sequence determined by a 
finite system of computable conditions—by devising an appropriate pol- 
ynomial. The thrust of the discovery is that the concept of computa- 
bility” can be expressed in the language of polynomials, not that the 
theory of primes can be simplified by introducing an algebraic formula. 


§2. THE GOLDBACH CONJECTURE AND TWIN PRIMES 


(page 30) 

Goldbach’s conjecture that every even number greater than 2 is a 
sum of two primes, and the closely associated “twin prime conjecture” 
that there exist infinitely many primes p for which p + 2 is also prime, 
remain open. However, a good deal more is now known about both 
questions. 

One of the most powerful methods for tackling some problems in 
number theory is complex analysis, an idea that goes back to Euler and 
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was exploited in particular by Riemann in his study of the zeta-function 
C(s) (see p. 480). From 1920 onwards Godfrey H. Hardy and John E. 
Littlewood developed the application of analytic number theory, as it 
came to be called, to questions about the representation of numbers as 
sums of numbers of special kinds. In 1937 I. M. Vinogradov used their 
methods to prove that every sufficiently large odd number is a sum of 
three primes. This improved upon his four-primes result, cited by Cour- 
ant and Robbins on p. 31, which was proved in 1934. As they state, his 
theorem applies only to “sufficiently large” numbers—numbers greater 
than some particular value m,—and his proof does not specify how large 
n, should be. In 1956 K. G. Borodzkin filled this gap by showing that n, 
= exp(exp(16.038)) suffices, where exp(x) = e". Several mathematicians 
used Vinogradov’s method to prove that “almost all” even numbers are 
the sum of two primes; that is, the proportion of such numbers up to 
some limit n tends to 100% as n tends to infinity. 

In 1919 Viggo Brun introduced a different approach, the “sieve 
method,” which generalizes the sieve of Eratosthenes (see p. 25). He 
used it to prove that every sufficiently large even integer is a sum 
of two numbers, each being a product of at most nine primes. A 
series of improvements to this theorem, made by a number of peo- 
ple, followed. For example, in 1937 G. Ricci proved that every suf- 
ficiently large even integer is a sum of two numbers, one being a 
product of at most two primes and the other a product of at most 
366 primes. P. Kuhn used combinatorial ideas of A. A. Buchstab to 
prove that every sufficiently large even integer is a sum of two num- 
bers, each being a product of at most four primes. In 1957 Wang 
Yuan proved that every sufficiently large even integer is a sum of a 
prime and a product of at most three primes, on the assumption that 
the Generalized Riemann Hypothesis holds. 

The classical Riemann Hypothesis, another of Hilbert’s 23 problems 
and still arguably the biggest unsolved question in the whole of mathe- 
matics, concerns the Riemann zeta function ¢(s) when the variable s is 
complex. Specifically, it states that if ((s) = 0 and s is not real, then 
s = 2 + iy for some real y. The consequences of proving this statement 
would be spectacular: they would revolutionize number theory and al- 
gebraic geometry. Moreover, any method for solving such a problem 
would almost certainly extend to other important variants such as the 
Generalized Riemann Hypothesis, a considerably stronger statement of 
the same general kind. Because the Riemann Hypothesis and its gen- 
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eralizations are such a significant obstacle to progress, number theorists 
have developed the habit of sending out exploratory tendrils into the 
territory that lies beyond by basing some of their work on the explicit 
assumption that the Riemann Hypothesis, or a generalization, is true. 
One justification of this approach is the possibility that it might lead to 
a contradiction, thereby exposing the Riemann Hypothesis as false, but 
this is mere rationalization. The number theorists are impatient; they 
cannot wait to see what lies beyond the Big Obstacle. 

Sometimes, once such territory has been explored, new possibilities 
open up which allow the assumption to be dispensed with. In 1948, 
without assuming the Generalized Riemann Hypothesis, Alfred Rényi 
proved that every sufficiently large even integer is a sum of a prime and 
a product of at. most c primes for some fixed but unknown c. In 1961 
M. B. Barban showed that c = 9 suffices. In 1962 Pan Cheng Dong re- 
duced this to c = 5; shortly afterwards Barban and Pan independently 
reduced it to c = 4; and in 1965 Buchstab proved the theorem when 
c = 3. Finally, in 1966, Chen Jing Run improved the sieve method further 
and proved the theorem with c = 2. That is, every sufficiently large even 
integer is a sum of a prime and a product of at most two primes—“prime 
plus almost-prime.” This is the closest result to the full Goldbach con- 
jecture that is currently known. 

The twin prime conjecture has been approached in a similar spirit. 
Brun’s 1919 paper also proved that there are infinitely many numbers p 
such that both p and p + 2 are a product of at most nine primes. In line 
with improvements to Brun’s result on the Goldbach conjecture, there 
were sinular improvements to his work on the twin prime conjecture. 
In 1924 Rademacher reduced Brun’s number nine to seven. Buchstab 
reduced it further, to six in 1930 and to five in 1938. In a paper of 1957 
Wang noted enigmatically that “corresponding results of twin primes 
problem have also been obtained,” which in the context amounts to a 
claim that there are infinitely many numbers p such that both p and 
p + 2 are a product of at most three primes. Assuming the Generalized 
Riemann Hypothesis, he showed in 1962 that there exist infinitely many 
primes p such that p + 2 is a product of at most three primes. In 1965, 
without making this assumption, Buchstab proved that for some fixed 
c there exist infinitely many primes p such that p + 2 is a product of at 
most ¢ primes. Chen's 1973 paper proved that c = 2 suffices, and again 
this is the closest known result to the twin primes conjecture. It seems 
unlikely that current methods can push the result much closer: a gen- 
uinely novel idea is needed. 


FERMAT'S LAST THEOREM 491 


$3. FERMAT'S LAST THEOREM 
(see page 42) 


One of the most dramatic developments since Courant and Robbins 
wrote What Is Mathematics? was the 1994 proof of Fermat’s Last The- 
orem by Andrew Wiles of Princeton University. Recall that Fermat con- 
jectured that the equation 


(1) vty" = 2" 


has no nonzero integer solutions when » 2 3. Wiles's proof is highly 
technical and accessible only to experts. However, the general outline 
is comprehensible. The attack is highly indirect, and makes heavy use 
of the theory of “elliptic curves,” which are defined by Diophantine 
equations of the form 


(2) yo=ar'+bor+ert+d 


for rational numbers a, b, c, d. (The adjective “elliptic” derives from 
connections with so-called elliptic functions, and does not refer to the 
curve's shape.) A great deal is known about such equations: they con- 
stitute one of the deepest and best understood areas of number theory. 

Fermat's equation (1) can be rewritten as (x/2)" + (y/2") = 1, so the 
point (X, Y) = Gr/z, y/z) lies on the Fermat curve with equation 


(3) X'+ Y =i. 


Say that. (X, Y) is a rational point if both X and Y are rational numbers. 
Then Fermat’s Last Theorem is equivalent to the assertion that no ra- 
tional point. can lie on the Fermat curve (3) when n > 3. Between 1970 
and 1975, Yves Hellegouarch investigated a curious connection between 
Fermat curves (3) and elliptic curves (2). Jean-Pierre Serre suggested 
trying the converse: to exploit properties of elliptic curves to prove re- 
sults on Fermat’s Last Theorem. In 1985 Gerhard Frey made this sug- 
gestion precise by introducing what is now called the Frey elliptic curve 
associated with a presumptive solution of the Fermat equation. Suppose 
that there is a nontrivial solution A” + B” = C" of the Fermat equation, 
and form the elliptic curve 


(A) yo = x(x + A" )(r — B"). 


This is the Frey elliptic curve, and it exists if and only if Fermat’s Last 
Theorem is false. So in order to prove Fermat's Last Theorem it is 
enough to prove that Frey's curve (4) cannot exist. The way to do this 
is to follow the “indirect” method of proof (see p. 86): that is, to assume 
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that it does exist and deduce a contradiction. This implies that the Frey 
curve does not exist after all, which implies that Fermat's Last Theorem 
is true. Frey found strong evidence that his curve “ought not to exist” 
by proving that it has several extremely curious and unlikely sounding 
properties. In 1986 Kenneth Ribet pinned the probem down by proving 
that Frey’s curve cannot exist provided that a big unsolved problem in 
number theory, the Taniyama conjecture, is true. He thereby reduced 
one major unsolved problem, Fermat's Last Theorem, to another major 
unsolved problem. This kind of reduction is often unhelpful, just re- 
placing one hard problem by a harder one, but in this case it hit paydirt, 
because it provided a context in which to tackle Fermat’s Last Theorem. 

The Taniyama conjecture is again technical, but it can be explained 
with reference to a special case. There is an intimate relationship be- 
tween the “Pythagorean equation” a? + b? = œ, the unit circle, and the 
trigonometric functions sin and cos. To find this relationship, observe 
that the Pythagorean equation can be rewritten in the form (a/c) + 
(b/c)* = 1, which implies that the point (x,y) = (a/c, b/c) lies on the unit 
circle, whose equation is 2° + y? = 1. It is well known that the trigo- 
nometric functions provide a simple way to represent the unit circle. 
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and cos imply that the equation 
(5) cos"6@ + sin°6 = i1 


holds for any angle 6 (see p. 277). If we set x = cos 8, y = sin 9, then 
(5) states that the point (x,y) lies on the unit circle. To sum up: solving 
the Pythagorean equation in integers is equivalent to finding an angle 8 
such that both cos 8 and sin 8 are rational numbers (equal respectively 
to a/c and b/c). Because the trigonometric functions have all sorts of 
pleasant properties, this idea is the basis of a really fruitful theory of 
the Pythagorean equation. 

The Taniyama conjecture says that (in a rather technical setting) a 
similar kind of idea can be applied to any elliptic curve, but replacing 
sin and cos by more sophisticated “modular” functions. So problems 
about elliptic curves can be replaced by problems about modular func- 
tions, just as problems about the circle can be replaced by problems 
about trigonometric functions. 

Wiles realized that Frey's approach can be pushed through to a sat- 
isfactory conclusion without using the full force of the Taniyama con- 
jecture. Instead, a particular case suffices, one that applies to a class of 
elliptic curves known as “semistable." In a 100-page paper he marshalled 
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enough powerful machinery to prove the semistable case of the Tani- 
yama conjecture, leading to the following theorem. Suppose that M and 
N are distinct nonzero relatively prime integers such that MN(M — N) 
is divisible by 16. Then the elliptic curve y? = x(x + M)(x + N) can be 
parametrized by modular functions. Indeed the condition on divisibility 
by 16 implies that this curve is semistable, so the semistable Taniyama 
conjecture establishes the desired property. 

We now apply Wiles's theorem to Frey’s curve (4) by letting M = A", 
N = —B”. Then M — N = A” + B" = C", so MNM — N) = —A’B"C", 
and we must show this is a multiple of 16. Now at least one of A, B, C 
must be even—for if A and B are both odd then C” is a sum of two odd 
numbers, hence even—which implies that C is even. We may further 
assume that n 2 5, because Euler long ago proved Fermat's Last Theo- 
rem for n = 3. But since the fifth or higher power of an even number is 
divisible by 2° = 32, the number —A"B’C" is a multiple of 32, hence 
certainly a multiple of 16. Therefore Frey’s curve satisfies the hypothesis 
of Wiles’s theorem, implying that it can be parametrized by modular 
functions. However, Ribet’s proof that the Taniyama conjecture implies 
the nonexistence of Frey's curve works by proving that the Frey curve 
cannot be parametrized by modular functions. This is a contradiction, 
so Fermat’s Last Theorem is true. 

This proof is very indirect and requires sophisticated ideas. Moreover, 
some difficulties emerged concerning the first version of Wiles’s proof, 
which added to the sense of drama. He circulated a message by elec- 
tronic mail to the mathematical community, acknowledging these diffi- 
culties but asserting his confidence that his methods would overcome 
them. Repairing the proof took longer than hoped, but on 26 October 
1994 Karl Rubin circulated another message: “As most of you know, the 
argument described by Wiles...turned out to have a serious gap, 
namely the construction of an Euler system. After trying unsuccessfully 
to repair that construction, Wiles went back to a different approach, 
which he had tried earlier but abandoned in favour of the Euler system 
idea. He was then able to complete his proof.” 


84. THE CONTINUUM HYPOTHESIS 
(see page 8S) 


The Hypothesis of the Continuum, now usually known as the Contin- 
uum Hypothesis, states that the cardinal of the set of all real numbers 
is the smallest infinite cardinal greater than that of the integers. It is 
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now known that the Continuum Hypothesis is neither true nor false, but 
undecidable, In order to understand what this means, we must briefly 
recall the axiomatic method (p. 214). The axiomatic method specifies a 
mathematical object by stating an explicit system of conditions, axioms, 
that the object is required to satisfy. This focuses attention on the ab- 
stract relationships between that object and others, rather than on the 
raw materials from which it is “built.” Simple presentations of set theory 
assume that notions such as “set” are defined, and described how to 
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discuss the Continuum Hypothesis, it is necessary to specify a system 
of axioms for Set theory. 

In 1964 Paul Cohen proved that the truth of the Continuum Hypoth- 
esis depends upon which axioms for set theory are chosen. The situation 
is similar to that for geometry. The truth or falsity of Euclid’s parallel 
axion: depends upon the type of geometry: there is a “Euclidean” ge- 
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tries for which it is false (see p. 218). Similarly, there are “Cantorian” 
set theories in which the Continuum Hypothesis is true and “non- 
Cantorian” ones in which it is false. Earlier Kurt Gödel had proved that 
the Continuum Hypothesis is true in some axiomatizations of set theory. 
Using a new technique called “forcing,” Cohen proved that in other ax- 
iomatizations it is false. In particular, there is no distinguished choice 
of axionis that leads to a unique ‘natural’ theory of sets. 


$5. SET-THEORETIC NOTATION 
(see page 110) 


Mathematical notation follows fashions, and sometimes the fashion 
can change. In consequence, Courant and Robbins’s terminology occa- 
sionally differs in very minor ways from what is now current, but this 
is seldom important enough to mention (e.g., “Hypothesis of the Con- 
tinuum” instead of “Continuum Hypothesis”), On this particular occa- 
sion, however, the difference from current practice is too significant to 
be ignored. 

The terms “logical sum” and “logical product" are hardly ever used 
nowadays; instead, the alternatives “union” and “intersection” are eni- 
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special symbol 1 for the universe of discourse. The current notations for 
the union and intersection of two sets A and B are as follows: 
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Union: A U B (in place of Courant and Robbins’s A + B) 
Intersection: A N B Gn place of Courant and Robbins’s AB). 


The complement A' is often written A‘, but A' is still common. The cur- 
rent notation for suhsets is either C or C. Unlike < and <=, the expres- 


eR er er OR r AA Sa 


sion A C B does not imply that A + B, either today or in Courant. and 
Robbins's time. In order to denote inequality in a subset relation, the 
cumbersome notation A G B is used. 

The notations A + B, AB, and A’ do still survive in computer science 
and electronic engineering, where they are used to describe circuits 
formed from logic gates. 

Ironically, the modern notation obscures the algebraic analogies in 
properties (6-17) on p. 110. In view of (10, 11, 13), however, this may 
not be entirely a bad thing. 

$86. THE JR COLOR THEOREM 
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(see pages 247, 264) 


The four color theorem was proved in June 1976 by Kenneth Appel 
and Wolfgang Haken. Their proof depends upon showing that some two 
thousand specific maps behave in a particular rather complicated way. 
Checking all these cases is immensely tedious, so they used a computer, 
which required several thousand hours to complete the checks. The 
proof can now be verified in a few hours, thanks to better theoretical 
methods and faster computers, but no “pencil and paper” proof has yet 
been found. Does a simpler proof exist? Nobody knows, although it has 
been shown that no substantially simpler proof c can run along similar 
lines. 

Courant and Robbins’s proof of the Five Color Theorem (p. 264) is 
an adaptation of work of Arthur Kempe, an attorney and amateur math- 
ematician, who published a purported proof of the Four Color Theorem 
in 1879. It employs a variant on the method of mathematical induction 
(pp. 9-20), the existence of a so-called “minimal criminal.” The basic 
idea is that if the Four Color Theorem is false, then there must exist 
maps that require a fifth color. If such “bad” maps exist, they can be 
incorporated into bigger maps in all sorts of ways, all of which will need 
a fifth color too. Since there is no point. in making bad maps bigger, we 
go the opposite way and look at the smallest bad maps, colloquially 
known as minimal criminals. The existence of a minimal criminal fol- 
lows from the principle of the smallest integer (p. 18), which is equiv- 
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alent to the principle of mathematical induction. Minimal criminals are 
distinguished by the following properties: they need five colors, but any 
map with a smaller number of countries needs only four. The proof 
proceeds to exploit these properties to restrict the structure of a mini- 
mal criminal, until eventually it is shown that no minimal criminal exists. 
By contradiction (indirect proof, see p. 86), the theorem must be true. 
Kempe's idea was to take a minimal criminal and produce a smaller, 
related map. By minimality of the criminal, this smaller map can be four- 
colored. Then he tried to deduce that the original map can also be four- 
colored, the required contradiction. Specifically, his idea was to take a 
minimal criminal and shrink some suitable region down to a point. The 
resulting map has fewer regions, so it can be four-colored. It may not 
be possible to restore the shrunken region and find a color for it without 
changing the colors on the rest of the map, because the region that was 
shrunk may abut regions that between them already use up all four 
colors. However, if the region that is shrunk is a triangle (a region meet- 
ing only three others), there is no problem. If it is a square, then a 
cunning technique for swapping colors now called a “Kempe chain” can 
change one neighbouring color, which does the trick. If it is a pentagon, 


Kempe claimed, a similar argument works. And he could prove that 


every map must contain either a triangle, a square, or a pentagon, so 
there is always a Suitable region to shrink and restore. 

In 1890 Percy Heawood found a mistake in Kempe's treatment. of 
pentagonal regions. Heawood did notice that Kempe’s method can be 
patched up to give a proof that five colors always suffice: one extra color 
makes the pentagon easier to restore. This is the proof presented on p. 
264. On the other hand, nobody could find a map that actually needed 
five colors. 

In 1922 Philip Franklin proved that every map with 26 or fewer 
regions is four-colorable. His method laid the foundations for the even- 
tual successful assault. with the idea of a reducible configuration. A 
configuration is just a connected set of regions from the map, together 
with information on how many regions are adjacent to each around the 
outside. To see what reducibility means, consider the example of shrink- 
ing and restoring a triangular region. Shrink the triangle to a point, and 
suppose that the resulting map, which has one region fewer, can be 4- 
coloured. Then so can the original map, because the triangle abuts only 


three regions, and that leaves a fourth colour spare when it is restored 


to the map. More generally, a configuration is reducible if the four- 
colorability of any map that contains it can be proved provided a smaller 
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map is four-colorable. A similar argument proves squares are reducible. 
Kempe thought that pentagons were reducible, but he was wrong. 

Evidently a minimal criminal cannot contain a reducible configura- 
tion. So if we show that every minimal criminal must contain a reducible 
configuration, we have the required contradiction. The most direct way 
to do this is to find a set of reducible configurations that is unavoidable, 
in the sense that any map—not just a minimal criminal—must contain 
a configuration in this set. Kempe effectively tried to do this. He proved, 
correctly, that the set {triangle, square, pentagon} is unavoidable, but he 
made an error when proving reducibility of the pentagon. Nevertheless, 
the basic strategy of his proof—find an unavoidable set of reducible 
configurations—was a brilliant idea. 

In 1950 Heinrich Heesch became the first mathematician to state pub- 
licly that he believed the Four Color Theorem could be proved by finding 
an unavoidable set of reducible configurations. However, he realized 
that the unavoidable set would have to contain many more configura- 
tions than the three in Kempe’s failed attempt, because the pentagon 
must be replaced by a whole list of alternatives. In fact, Heesch esti- 
mated that about 10,000 configurations would be needed, each of mod- 
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based on a loose electrical analogy. Suppose a quantity of electrical 
charge is applied to each region, and then allowed to move into neigh- 
bouring regions by following various rules. For example, we might insist 
that the charge on any pentagon is split into equal parts and transferred 
to any of its neighbors, except triangles, squares, and pentagons. By 


analysing the general features of charge distributions, it can be shown 
that certain specific configurations must occur—otherwise charge 
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“leaks away. ' More complicated recipes lead to more complicated lists 
of unavoidable configurations. 

In 1970 Wolfgang Haken found improvements to Heesch's discharg- 
ing method and started thinking seriously about solving the Four Color 
Problem. The main difficulty was the likely size of configurations in the 
unavoidable set. With an estimated 10,000 regions to check for reduci- 
bility, the whole computation could easily take a century. And if, at the 
end, just one configuration in the unavoidable set turned out not to be 
reducible, then the whole calculation would be worthless. 

Between 1972 and 1974, Haken, together with Kenneth Appel, began 
an interactive dialogue with the computer to try to improve the chances 
of success. The first. run of their computer program produced much 
useful information. They modified the program to overcome various 
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fiaws and tried again. More subtle problems emerged and were duly 
corrected. After some six months of this dialogue, Appel and Haken 
became convinced that their method of proving unavoidability had a 
good chance of success. In 1975 their research program moved from the 
exploratory phase to the final attack. In January 1976 they began con- 
struction of an unavoidable set with some 2000 regions, and by June 
1976 the work was complete. Then they tested each configuration in this 
set for reducibility. Here the computer proved indispensable, duly re- 


rh ts 1 A Tana Ual 
porting that every one of the 2000 configurations in Appel and Haken’s 


unavoidable set is reducible. This contradicts the assumed existence of 
a minimal criminal, so four colors alone suffice to color any planar map. 

To what extent can an argument that relies on an enormous con- 
putation, which an unaided human brain cannot possibly check, be con- 
sidered a proof? Stephen Tymoczko, a philosopher, wrote: “If we accept 
the four-color theorem as a theorem, then we are committed to changing 
the sense of ‘theorem,’ or more to the point, to changing the sense of 
the underlying concept of ‘proof’ ”. However, few practicing research 
mathematicians agree. One reason is that there exist mathematical 
proofs that do not rely on a computer, yet are so long and complicated 
that even after studying them for a decade, nobody could put his hand 
on his heart and declare them to be totally unflawed. For example the 
so-called “classification theorem for finite simple groups” is at least 
10,000 pages long, required the efforts of over a hundred people and can 
be followed only by a highly trained specialist. However, mathemati- 
cians are generally convinced that the proof is correct. The reason is 
that the strategy makes sense, the details hang together, nobody has 
found a serious error, and the judgment of the people doing the work 
is at least as trustworthy as that of an outsider. That conviction would 
of course vanish if anybody— insider or outsider—found a mistake, but 
so far nobody has. 

There is nothing in the Appel-Haken proof that is any less convincing 
than the classification theorem for finite simple groups. In fact, a com- 
puter is much less hkely to make an error than a human, provided its 
program is correct. Appel and Haken's proof strategy makes good log- 
ical sense; their unavoidable set was in any case obtained by hand; and 
there seems little reason to doubt the accuracy of the program used to 
check reducibility. Random “spot tests” have found nothing amiss. In a 
newspaper interview, Haken summed up the consensus view: “Anyone. 
anywhere along the line, can fill in the details and check them. The fact 
that. a computer can run through more details in a few hours than a 
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Fig 288 The Mandelbrot set has mtricate structure on all scales af magrufication 


human could ever hope to do in a lifetime does not change the basic 
concept of mathematical proof. What has changed is not the theory but 
the practice of mathematics.” 


87. HAUSDORFF DIMENSION AND FRACTALS 


(see page 248) 


Henri Poincaré’s 1912 definition of dimension (see p. 249) is topolog- 
ical, and—reasonably enough—it always leads to an integer value. A 
concept of dimension rather different from Poincaré’s has recently come 
to prominence. It was originally invented by Felix Hausdorff in 1919 and 
developed by A. S. Besicovitch in the 1930s, but it then became some- 
thing of a mathematical backwater. It has come back into vogue because 
of its applications to Benoit Mandelbrot’s theory of fractais—geometric 
objects with structure on all scales of magnification, such as the famous 
Mandelbrot set (Fig. 288). 

This set consists of all complex numbers c (which can be represented 
as points in the plane) such that the sequence c. c+ e, (O + ¢/ + 4, 
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1 dimension 2 dimensions 3 dimənsions 
2 copies 4 copies 8 copies 


Fig. 289. The number of copies required to double an object's size depends upon its dimension. 


... does not tend to infinity. Here each term in the sequence is the square 
of the previous term, plus c. 

The Hausdorff-Besicovitch dimension of a set, now often called its 
fractal dimension, has many applications in different branches of sci- 
ence, because it is a precise quantity that can be measured experimentally 
and compared with theory. Surprisingly, it need not be an integer. This cu- 
rious feature, the reason why the number is still reasonably considered as 
a dimension, can be understood by thinking about a simpler version 
known as scaling dimension, as follows. Some shapes can be assembled 
to form larger copies of themselves, For example (see Fig. 289), itrequires 
two copies of a line segment (a 1-dimensional object) to make a line seg- 
ment twice the size. It requires four copies of a (2-dimensional) square to 
make one twice the size, and it requires eight copies of a (3-dimensional) 
cube to make one twice the size. In general it requires 2’ copies of a d- 
dimensional hypercube (see p. 230) to make one twice the size, and it re- 
quires c = a“ copies to make one a times the size, 

We can solve this equation for c by taking logarithms (see p. 445, 
equation (6)): 


log c = d loga 
so that. 
log c 
6 = 2 
(©) log a 


We can now work the other way round and use this equation to define 
d, given c and a. The result is called the scaling dimension of the set 
concerned. In examples this leads to intriguing conclusions, For 
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instance, the Cantor set (See p. 248) can be made three times as big 
(a = 3) by assembling two copies (c = 2) (see Fig. 290). 
According to definition (6) the scaling dimension d of the Cantor set 
is therefore 
_ log2 
~ log 3 





= 0.630923 ..., 


a real number but not an integer. Similarly the Sierpinski gasket (Fig. 
291) can be doubled in size (a = 2) by assembling three copies, so its 
scaling dimension is 
d = 983 _ 1.584962... 
log 2 
This quantity is called a dimension because it. takes the same value 
as the usual dimension for “nice” sets such as intervals, squares, cubes, 
and so on. The fractal dimension agrees with the scaling dimension for 
many sets but is defined for sets that cannot be enlarged by assembling 
copies of themselves, The fractal dimension of a fractal set is usually 
not an integer, although sometimes it can be. For example, in 1991 Mit- 
suhiro Shishikura proved that the fractal dimension of the boundary of 
the Mandelbrot set is 2. The true significance of the fractal dimension 
is as a measure of “how well the set fills space” or “how rough the set 
is.” For example, the Cantor set, with dimension strictly between 0 and 
1, fills space better than a point (dimension 0) but less well than a line 
segment (dimension 1). Thus the fractal dimension resolves the question 
whether the Cantor set should have dimension 0 or 1 (see p. 249) ina 
very different manner from Poincaré’s approach. 


§8. KNOTS 
(see page 255) 


The theory of knots is currently the focus of a tremendous amount 
of research activity, sparked by the discovery of the Jones Polynomial, 
a remarkable new method for distinguishing topologically inequivalent 
knots. The theory involves links as well as knots, and we begin by mak- 
ing these concepts more precise. 

A link is a set of one or more closed loops in three-dimensional space. 
The individual loops are called the components of the link. The loops 
can be twisted or knotted, and—as the name suggests—may be linked 
together in any way, including not being linked at all in the usual sense. 
If there is only one loop, the link is called a kot. The central problem 
in link theory is to find efficient ways to tell whether or not two given 
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links or knots are topologically equivalent—that is, can be deformed 
into each other by continuous transformations (see pp. 241-2). In par- 
ticular we want to find out whether what looks like a knot is really 
unknotted, that is, is equivalent to the unknot (Fig. 292a); and whether 
a given n-component link can be unlinked, that is, is equivalent to the 
n-component unlink (Fig. 292b). 

The way to achieve this is to find topological invariants. These are 
numbers—or more complicated mathematical objects—that do not 
change when the link is continuously deformed. It follows that link with 


Ist copy 2nd copy 


combined triple-sized Cantor set 


Fig. 20). Two voes of a Cantor set triple its size 





Fig. 201 Three copies of a Sierpinski gasket double its size. 
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n copies 
(a) (b) 
Fig 292 (a) The unknot. (b) The -component untink. 


different invariants must. be topologically inequivalent. However, links 
with the same invariants may or may not be equivalent, and the only 
way to decide is either to find a topological equivalence or invent a more 
sensitive invariant. 

The standard knot invariant, in the pre-Jones era of knot theory, was 
the Alexander polynomial, invented in 1926. This assigns to each knot 
a polynomial in a variable t, which can be calculated by following a 
standard procedure. The precise procedure need not concern us here, 
but to indicate the kind of results that are obtained, Fig. 293 shows 
several simple knots and their Alexander polynomials. 

The Alexander polynomial is good enough to distinguish between a 
trefoil knot and a reef knot, because these have different Alexander 
polynomials. It is not good enough to distinguish between 


¢ a reef knot and a granny knot 
° a left-handed trefoil and a right-handed trefoil 


even though it is experimentally “obvious” that these knots are indeed 
inequivalent. The problem is, how can we prove this? Between 1926 and 
1984, mathematicians expended a great. deal of effort on these and sim- 
ilar questions. They solved them, but by rather complicated methods. 
Knot theory did not exactly grind to a halt, but it was certainly in need 
of some new insights. 

In 1984 Vaughan Jones, a New Zealander, was working on questions 
in analysis, about so-called trace functions on operator algebras, which 
had arisen in connection with mathematical physics. D. Hatt and Pierre 
de la Harpe noticed that some of his equations looked rather like equa- 
tions arising in the theory of braids, which are tangled systems of lines 
very closely related to links. Pondering the reasons that nught lie behind 
such a coincidence, Jones discovered that his trace functions could be 
used to define a polynomial invariant for links. 

At first it was thought that the Jones polynomial must be just some 
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Fig. 293 Some common knots and their Alexander polynomials 
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variation on the Alexander polynomial, but it soon became clear that it 
was genuinely new. Simpler definitions, not involving operator algebras, 
were found. Five separate groups of mathematicians independently and 
simultaneously discovered a generalization which was even better at 
distinguishing knots, a two-variable formula often called the HOMFLY 
polynomial—short for its discoverers: Hoste-Ocneanu-Millett-Freyd- 
Lickorish-Yetter. Today there are a dozen or more new knot 
polynomials. They have solved many outstanding problems, but they 
also pose many new puzzles of their own, because they do not fit com- 
fortably into the established machinery of topology. In a sense, although 
topologists can calculate them and prove theorems about them, they are 
not yet certain what these new polynomial invariants really are. They 
appear to have some deep relation to quantum physics. 

The original Jones polynomial is a powerful enough invariant to dis- 
tinguish a left-handed trefoil from a right-handed one, which the Alex- 
ander polynomial could not manage. The HOMFLY polynomial is even 
more powerful, and it can distinguish a reef knot from a granny knot. 
In fact, denoting the HOMFLY polynomial of a link L by P(Z), we have 


P(eft-handed trefoil) = —2a7° — a! + wy. 
Pcright-handed trefoil) = -2x *- x ++ x °y. 
P(reef) = (—22° — at + €P Rr? — xt + x *y’). 
P(granny) = (—227 — at + ay’). 


Here x and y are the two variables required to define the polynomial. 
These results obviously prove not only that the two types of trefoil are 
topologically inequivalent, but also that the reef knot and granny knot 
are topologically inequivalent. 


§9, A PROBLEM IN MECHANICS 
(see page 319) 


This is the one place where arguably Courant and Robbins made a 
mistake, although by adding further conditions it is possible to save their 
argument, Paradoxically, the fiaw in their proof is most easily detected 
if we employ the topological approach to dynamics that their argument 
was intended to advocate, 

We repeat the statement of the problem. Suppose a train travels be- 
tween two railway stations along a straight track. A rod is hinged to the 
floor of one of the carriages, able to move without friction either forward 
or backward until it touches the fioor (Fig. 175, p. 320), If it does touch 
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the fioor, assume it stays there throughout the subsequent motion. Sup- 


pose we specify in advance how the train moves, The motion need not 


be uniform: the train can speed up, stop suddenly, even go into reverse 
for a time. It must start at one station and end at the other. 

Courant and Robbins ask whether it is always possible to place the 
rod in such a position that it. never hits the fioor during the journey. 
Their solution is to note that the final position of the rod depends con- 
tinuously on its initial position. There is a continuous range of starting 
angles, from 0° to 180°. Because the final position depends continuously 
on the initial position, Bolzano’s theorem (p. 312) implies that the range 
of final angles is also continuous. If we start with the rod lying down 
forwards at 0°, it stays there. If we start with it lying down backwards 
at 180°, it stays there. So the range of final angles includes all values 
between 0° and 180°. In particular, it includes 90°, so we can arrange for 
the rod to finish up vertical. Since it stays on the fioor when it hits it, it 
cannot hit the fioor at all. 

The difficulty is that the continuity assumption made in the above 
discussion is arguably not justified. The problem is not the intricacies 
of Newton's laws of motion, but those “absorbing boundary conditions”: 
if the rod hits the fioor, then it stays there. In order to see why the 
boundary conditions cause trouble, we introduce a topological picture 
of the possible motions of the system. This approach, known as a phase 
portrait, goes back to Poincaré. The idea is to draw a kind of space- 
time diagram of the motion, not just for a single initial position of the 
rod, but for many different positions—in principle, all of them. The po- 
sition of the rod is an angle between 0° and 360°, and we can graph this 
in the horizontal direction (see Fig. 294). Let time run in the vertical 
direction. Note that the left and right hand edges of this picture should 
be identified because 0° = 360°: conceptually, the rectangle is rolled into 
a cylinder. 

Now, the path in space and time of the angle that determines the 
position of the rod forms some curve that runs up the cylinder—what 
Albert. Einstein called a “world-line.” Different initial angles lead to dif- 
ferent curves. The laws of dynamics show that these curves vary con- 
tinuously as the initial angle varies continuously—provided the 
boundary conditions are not enforced, Without those conditions the rod 
is free to turn a full 360°—there is no floor to prevent it turning all the 
way round. A possible history is shown in Fig. 294a, and here the final 
position does depend continuously upon the initial position. 

However, when the absorbing boundary conditions are put back (Fig. 
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Fig. 294 Possible hustory of the moving rod for different imina conditions Ga) Widows boundan conditions. 
tb) What happens when the boundary conditions are imposed. 


294b), the final position need not depend continuously on the initial one. 
Curves that just graze the left-hand boundary can swing all the way over 
to the right. Indeed, in this particular picture ail initial positions end up 
on the fioor: contrary to what Courant and Robbins claim, there is no 
choice that keeps the rod off the fioor throughout the motion. 

This error in Courant and Robbins’s reasoning was first pointed out 
by Tim Poston in 1976, but it is still not widely known. The continuity 
assumption can be resuscitated by imposing extra contraints on the 
motion, for example a perfectly level track, no springs on the train, and 
so forth. But it seems more instructive, as an exercise in the application 
of topology to dynamics, to understand why the absorbing boundary 
conditions destroy continuity. This difficulty is important in advanced 
topological dynanucs, where it has given rise to the concept of an “iso- 
lating block,” which is a region such that no dynamical trajectories are 
tangent to its boundary. 


§10. STEINER’S PROBLEM 


(see page 359) 


Steiner’s problem (p. 354) concerns a triangle ABC, and it requires 
us to find a point P that minimizes the total distance PA + PB + PC. 
The answer, at least when the angles of triangle ABC are all less than 
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120°, is that P is the unique point. such that the lines PA, PB, and PC 
meet at 120° to each other (pp. 355-6). Steiner's problem can be gen- 
eralized to the street network problem, which asks for the shortest net- 
work of lines (streets) joining a given set of points (towns) to each other 
(p. 359). It has given rise to a fascinating conjecture, only recently 
proved. 

Suppose we wish to find a network of lines that will connect a set of 
towns. One way to do this is to use a so-called spanning network, which 
uses only the straight lines joining pairs of towns. Another is to use a 
Steiner network, in which extra towns are permitted, such that the lines 
running into them meet at 120° angles. Let the length of the shortest 
spanning network for a given set of towns be called the spanning length, 
and let. the length of the shortest Steiner network be the Steiner length. 
The problem of finding the Steiner length is discussed by Courant and 
Robbins (p. 359) under the title “Street Network Problem.” Obviously 
the Steiner length is less than or equal to the spanning length. How much 
smaller can it get? 

Suppose, for example, that there are three towns at the vertices of 
an equilateral triangle of side 1 unit. Fig. 295 shows the shortest Steiner 
network and the shortest spanning network. The new point introduced 
in the center is called a Steiner point: in general, a Steiner point is one 
at which three lines (joining it to other points in the set of towns) meet 
at angles of 120°. The spanning length is 2 and the Steiner length is v3. 
In this case, the ratio between the Steiner length and the spanning length 
is V3/2 = 0.866, and the saving in length obtained by using the shortest 
Steiner network rather than the shortest spanning network is about 
13.34%. 

In 1968, Edgar Gilbert and Henry Pollak conjectured that no matter 
how the towns are initially located, the Steiner length never falls short 
of the spanning length by more than 13.34%, Equivalently, 


T) Steiner length > 3 
spanning length 2 
for any set of towns. This statement has become known as the Steiner 
ratio conjecture. After considerable effort it was finally proved by Ding 
Zhu Du and Frank Hwang in 1991: we describe their approach once we 
have set up the necessary background. 
Finding the spanning length is a simple computation, even for a huge 
number of towns. It is solved by the greedy algorithm: start with the 
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Fig 205. Shortest Stemme: ielwork (solid lines) and shortest spanning nefwork (dotted lines) for three downs an an 
equilateral tnangle 


shortest. connecting line you can find, and at each stage thereafter add 
on the shortest remaining line that does not complete a closed loop, 
until every town is included. Finding the Steiner length is nowhere near 
as easy. You cannot just take all possible triples of towns, find their 
Steiner points, and look for the shortest network that joins the towns 
and meets either at towns or at these particular Steiner points. For ex- 
ample, suppose there are six towns arranged at the comers of two ad- 
jacent squares, as in Fig. 296 One possible Steiner tree is shown in Fig. 
296a: it is found by solving the problem for a square of four towns first, 
and then linking in the two remaining towns via their Steiner point with 
one that is already hooked in. However, the shortest Steiner tree is that 
shown in Fig. 296b. The grey squares are included only to indicate where 
the towns are placed. 

You cannot build up shortest Steiner trees piecemeal. The correct 
generalization of Steiner point to a set of many towns is any point at 
which links can meet at 120°. For as simple an example as four towns 
at the vertices of a square, these points are not Steiner points of any 
subset of three towns (Fig. 297). There are infinitely many points in the 
plane, and even though most of them are probably irrelevant, it is not 
obvious that any algorithms exist. In fact they do; the first was invented 
by Z. A. Melzak, but in practice his method becomes unwieldy even for 
moderate numbers of towns. It has since been improved, but not dra- 
matically. 
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(a) 


(b) 





Fig. 2. (a) Combining Steiner trees for a square and an isosceles nght triangle. (b) A shorter Stemmer iree for the 
same set of towns. 


We now know that there are good reasons why these algorithms are 
inefficient. The growing use of computers has led to the development 
of a new branch of mathematics, Algorithmic Complexity Theory. This 
studies not just algorithms—methods for solving problems—but how 
efficient those algorithms are. Given a problem involving some number 
n of objects (here towns), how fast does the running time of the solution 
grow as n grows? If the running time grows no faster than a constant 
multiple of a fixed power of n, such as 57” or 1066n*, then the algorithm 
is said to run in polynomial time, and the problem is considered to be 
“easy.” Usually this means that the algorithm is practical (but it will not 
be if the constant is absolutely huge). If the running time grows non- 
polynomially—faster than any constant multiple of powers of x, for 
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ene 


Fig 207 Steiner points (white) for four towns in a square (hlack) are different from the Steiner points of a subset of 
three towns (grey), 


instance exponentially, like 2” or 10"—then the problem has non- 
polynomial running time and is “hard,” Usually this means that the al- 
gorithm is totally impractical. In between polynomial time and 
exponential time is a wilderness of “fairly easy” or “moderately hard” 
problems, where practicality is more a matter of experience. 

For instance, adding two n-digit numbers requires at most 2n one- 
digit additions, including carries, so the time taken is bounded by a 
constant multiple (namely 2) of the first power of n. Long multiplication 
of two such numbers involves about n? one-digit multiplications and no 
more than 2r” additions, or 37° operations on digits, so now the bound 
involves only the second power of n. The opinions of schoolchildren 
notwithstanding, these problems are therefore “easy.” In contrast, con- 
sider the Traveling Salesman Problem: find the shortest route that takes 
a salesman through a given set of cities. If there are n cities then the 
number of routes that we have to consider is n! = n(n — 1)(n — 2)... 
3.2.1 which grows faster than any power of 2. So case-by-case enumer- 
ation is hopelessly inefficient. 

Oddly enough, the big problem in Algorithmic Complexity Theory is 
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to prove that the subject actually exists. That is, to prove that some 
“interesting” problem really is hard. The difficulty is that it is easy to 
prove a problem is easy, but hard to prove that it is hard! To show a 
problem is easy, you just exhibit an algorithm that solves it in polyno- 
mial time. It does not have to be the best or the cleverest; any will do. 
But to prove that a problem is hard, it is not enough to exhibit some 
algorithm with non-polynomial running time. Maybe you chose the 
wrong algorithm; maybe there is a better one which does run in poly- 

amial time In arder ta mile that noseihility aut vou have to find same 
mathematical way to consider all possible algorithms for the problem 
and show that none of them runs in polynomial time. And that is ex- 
tremely difficult. 

There are lots of candidates for hard problems—the traveling sales- 
man problem, the bin-packing problem (how can you best fit a set of 
items of given sizes into a set of sacks of given sizes?), and the knapsack 
problem (given a fixed size sack and many objects, does any set of 
objects fill the bag exactly?). So far nobody has managed to prove any 
of them are hard. However, in 1971 Stephen Cook of the University of 
Toronto showed that if you can prove that any one problem in this 
candidate group really is hard, then they all are. Roughly speaking, you 
can “code” any one of them to become a special case of one of the 
others: they sink or swim together. These problems are called NP- 
complete, where NP stands for non-polynomial. Everyone believes that 
NP-complete problems really are hard, but this has never been proved. 

NP-completeness relates to the Steiner problem because Ronald Gra- 
ham, Michael Garey and David Johnson have proved that the problem 


3 - 4 a + 
of computing the Steiner length is NP-complete, That is, any efficient. 


algorithm to find the precise Steiner length for any set of towns would 
automatically lead to efficient solutions to all sorts of computational 
problems that are widely believed not to possess such solutions, 

The Steiner ratio conjecture (7) is therefore important, because it 
proves you can replace a hard problem by an easy one without. losing 
very much, Gilbert and Pollak had quite a lot of positive evidence when 
they stated that conjecture. In particular they could prove that some- 
thing weaker must be true: the ratio of Steiner length to spanning length 
is always at least 0.5, By 1990 various people had performed heroic 
calculations to verify the conjecture completely for networks of 4, 5, 
and 6 towns, For general arrangements of as many towns as you like, 
they also pushed up the limits on the ratio from 0.5 to 0,57, 0.74, and 
0.8, Around 1990 Graham and Fang Chung raised it to 0,824, in a com- 
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putation that they described as “really horrible—it was clear it was the 
wrong approach.” 

To make further progress possible, the horrible calculations had to 
be simplified. Du and Hwang found an approach that is so much better, 
it does away with the horrible calculations completely. The basic ques- 
tion is how to get equilateral triangles in on the act. There is a big gap 
between the triangle example in Fig. 295, which sets the bound on the 
ratio, and a general system of towns, which is supposed to obey the 
same bound, How can this No Man’s Land be crossed? There is a kind 
of halfway house. Imagine the plane tiled with identical equilateral tri- 
angles, in a triangular lattice (Fig. 298). Put towns only at the corners 
of the tiles, It turns out that the only Steiner points that need be consid- 
ered are the centers of the tiles. In short, you have a lot of control, not 
just. on computations, but on theoretical analyses, 

Of course, not every set of towns conveniently lies on a tnangular 
lattice. Du and Hwang's insight is that the crucial ones do. Again the 
proof is indirect, by contradiction. Suppose the conjecture is false, Then 
there must exist a counterexample: some set of towns for which the 
ratio is less than V3/2. Du and Hwang show that if a counterexample to 


+h i : . 5 
the conjecture exists then there must be one for which all the towns lie 


on a triangular lattice. This introduces an element of regularity into the 
problem, and it is then relatively simple to complete the proof. 

In order to prove this lattice property they reformulate the conjecture 
as a problem in game theory, where players compete and try to limit 
the gains made by their opponents. Game theory was invented by John 
von Neumann and Oskar Morgenstern in their classic Theory of Games 
and Economic Behavior of 1947. In the Du-Hwang version of the Steiner 
ratio conjecture, one player selects the general “shape” of the Steiner 
tree, and the other picks the shortest one of that shape that they can 
find. Du and Hwang deduce the existence of a lattice counterexample 
by observing that the payoff for their game has a special “convexity” 
property, 


$11. SOAP FILMS AND MINIMAL SURFACES 
(see page 386) 


Chapter VI, §11 mentions several times the observation that when 
three soap films meet they appear to form angles of 120°, relating this 
phenomenon to Steiner's problem (p, 354). There is a similar phenom- 
enon when four soap film surfaces meet at a common point, as happens 
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Fig 208 A Steiner network for towns that he on a triangular lattice has a nmech mere gid and regular structure than 
that for general towne Du and Hwang reduce the Steiner ratio conectare to the same problem for lattice networks. 


in Fig. 240, p. 387: experimentally, the angle formed in the corner of 
each surface is close to 109°. This is the angle formed by four planes 
meeting at the centroid of a tetrahedron, as in Fig. 299. Incidentally, this 
implies that the small central “square” in Fig. 240 is not in fact square, 
and that in turn explains why the thirteen surfaces in the cubic frame 
are slightly curved. 
These general rules about angles were first recorded by Plateau, who 
stated three principles about the form of soap films on frames: 
1) They consist of a finite number of flat or smoothly curved sur- 
faces, smoothly joined together. 
2) These surfaces meet in only two ways: either exactly three sur- 
faces meet along a smooth curve, or four surfaces meet at a point. 
3) When three surfaces meet, the angles between them are 120°, and 
when four meet, the angles formed in the corners are approxi- 
mately 109°. 
In 1976 Frederick Almgren and Jean Taylor proved that these three prop- 
erties all follow from a single mathematical principle, the one that forms 
the basis of Chapter VII, §11: the soap film takes up whatever shape 
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Fig 280, Mimmal surface in a tetrahedral frame. four surfaces meet at the central pomt, fomung angles of 100° 


minimizes the total area. Perhaps surprisingly, the difficult step is the 
first and most qualitative of Plateau’s principles—that the shape consists 
of a finite number of surfaces. The other two principles follow relatively 
easily from geometric arguments, just as the 120° angle in Steiner's prob- 
lem does. We first indicate this deduction and then discuss the proof of 
Plateau's first principle. 

The first step in the deduction of the second and third principles from 
the first is to use the smoothness of the surfaces to reduce the problem 
to one about planes. If a very small region near a line of intersection of 
three surfaces, or a point of intersection of four, is magnified, then the 
surfaces appear nearly fiat, and the greater the magnification the flatter 
they seem to be. By thinking about the errors involved in such an ap- 
proximation, it turns out to be sufficient to prove Plateau’s second and 
third principle under the simplifying assumption that the surfaces are 
planar. The second step is to reduce this question to one about lines on 
a sphere. Consider how the planar regions intersect a sphere centered 
on the line or point of intersection. The system of planes is then replaced 
by a system of arcs of great circles (see Fig. 300). The analogue of the 
requirement of minimum area is that the total length of these arcs should 
be minimal. By a spherical version of Steiner’s theorem (p. 354), proved 
in a similar manner, the arcs meet in three at angles of 120°. The third 
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Fig. 300. Reducing the geometry of a system of planes to that of a system of arcs. 


step is to prove that precisely ten different configurations of great circle 
arcs satisfy these conditions (Fig. 301). The fourth step is to take each 
such configuration in turn and carry out a search for small deformations 
of the corresponding configuration of planar surfaces—possibly intro- 
ducing new pieces—that reduce the total area within the sphere. If any 
such reduction of area is possible, then the corresponding configuration 
of arcs can be ruled out: it does not correspond to an arrangement of 
surfaces of minimal area. (In practice, several of these cases were stud- 
ied by making corresponding wire frames and observing the shapes 
formed by soap films in order to deduce the general form of the small 
deformation involved. Then the possibility of reducing the area was es- 
tablished rigorously by making suitable estimates.) Exactly three con- 
figurations survived this process. They comprise a single great circle, 
three semicircles meeting at 120° angles, and four arcs forming a cur- 
vilinear tetrahedron—numbers 1-3 in Fig. 301. The corresponding pla- 
nar configurations are a single surface not meeting any other, three 
surfaces meeting at 120° angles, or four surfaces meeting at 109° angles. 
Plateau's second and third principles are immediate. 

Everything thus depends upon proving that the minimal shape con- 
sists of finitely many surfaces. In order to achieve this, it is necessary 
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Fig 301. The ten configurations of ares that meet at 120° angles Source Scientific American 235. 
no | (July 1976), pp LPI 
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to contemplate the possibility of more complex shapes, and this in turn 
requires generalizing the concept of area to these more complex shapes, 
The problem then breaks down into two separate stages. First, prove 
the existence of some complex shape that minimizes this generalized 
area. Second, use the minimality property to show that the complex 
shape is actually fairly simple, composed of finitely many smooth sur- 
faces. 

The techniques for making these two stages work are novel and ab- 
stract, belonging to an area known as “geometric measure theory’ —the 
same area that the definition of fractal dimension belongs to. Roughly 
speaking, any particular surface S is replaced by an associated “mea- 
sure,” a function that assigns to any region X of space the area of that 
part of S that lies inside X. More complex shapes are represented by 
functions with similar properties to these surface-based measures. The 
advantage of replacing shapes by measures is that measures have much 
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defined as the limit of sequences of other measures, operations that are 
hard to define directly for geometric shapes. 

The existence of a minimizing measure then turns out to be a straight- 
forward argument in geometric measure theory. The more difficult part 
of the argument is to show that every minimizing measure corresponds 
to a finite system of smooth surfaces. Ironically, knowledge of how these 
surfaces would fit together if they really were surfaces—Plateau's sec- 
ond and third principles—helped Almgren and Taylor to work out how 
to prove that they actually are surfaces. Knowing in advance what the 
answer “ought to be” often makes it easier to find a proof. 


§12. NONSTANDARD ANALYSIS 
(see page 433) 


On page 435 Courant and Robbins remark that “ ‘differentials’ as in- 
finitely small quantities are now definitely and dishonorably discarded,” 
an accurate reflection of the consensus view when What Is Mathemat- 
ics? was written. Despite Courant and Robbins's verdict, there has al- 
ways been something intuitive and appealing about the old-style 
arguments with infinitesimals. They are still embedded in our language, 
in ideas such as “instants” of time, “instantaneous” velocities, a curve 
as a series of infinitely small straight lines, the area bounded by a curve 
as an infinite sum of areas of infinitesimal rectangles. This kind of in- 
tutition turns out to be justified, for it has recently been discovered that 
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the concept of infinitely small quantities is not dishonorable and need 
not be discarded at all. It is possible to set up a rigorous framework for 
analysis in which the Weierstrassian epsilon-delta definitions (see p. 
305) are replaced by statements about infinitesimals that look astonish- 
ingly similar to the intuitive ideas of Leibniz, Newton, and Cauchy. 
The way to make infinitesimals respectable is called nonstandard 
analysis. It is entirely viable as an alternative to the epsilon-delta ap- 
proach, but for several reasons—only one being scientific conserva- 
tism—most mathematicians still prefer Weierstrass’s point of view. The 
big psychological problem is that setting up such a framework involves 
sophisticated ideas from modern mathematical logic. Between about 
1920 and 1950 there was a great explosion of mathematical logic. One 
of the topics that emerged was model theory, which constructs and 
characterizes models of axiom systems—mathematical structures that 


obey those axioms, Thus the coordinate plane is a model for the axioms 
of Euclidean geometry, Poincare’s disk (p. 2? 3)i is a model for the axioms 
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of hyperbolic geometry, and so on. 

There is a standard axiom system for the real numbers, and it has 
long been known that there is a unique model, the standard real numbers 
R. This is one reason why different ways of constructing “the” real num- 
bers (see pp. 68, 69) lead to number systems that are effectively iden- 
tical. Moreover, R does not contain any infinitesimals or infinities. So 
how is it possible to apply model theory to construct a “nonstandard” 
real number system that does contain these strange objects? Logicians 
distinguish between “first order” and “second order” axiomatic systems. 
In a first order theory the axioms express properties required of all 
objects in the system, but not of all sefs of objects. In a second order 
theory there is no such restriction. In ordinary arithmetic, a statement 
such as 


(8) v+y=y +7 for all x and y 


is first order, and so are all the usual laws of algebra; but the “Archi- 
medean axiom” 


(9) if w < 1/n for all natural numbers n then v = 0 


is second order. Most of the usual axioms for the real numbers are first 
order, but the list includes some that are second order. In fact the sec- 
ond order axiom (9) is the crucial one that rules out both infinitesimals 
and infinities in R, However, it turns out that if the axioms are weakened 
to comprise only the first order properties of R, then other models exist, 
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including some that violate (9) above, Let R* be such a model and call 


it the system of hyperreal numbers, This idea, the basis of nonstandard 
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analysis, was discovered by Abraham Robinson around 1960. We have 
already seen that there are non-Euclidean geometries and non-Cantorian 
set theories; now we find that there are non-Archimedean number sys- 
tems. 

The set R* contains several important subsets. There is a set of “stan- 
dard” natural numbers N = {0, 1, 2, 3,...}, and there is also a larger 
system of “nonstandard” natural numbers N*. There are the standard 
integers Z and a corresponding extension to nonstandard integers 2*. 
There are the standard rationals Q, and a corresponding extension to 
nonstandard rationals Q*. And there are standard reals R and nonstan- 
dard reals (or hyperreals) R*. 

Every first order property of R has a unique natural extension to R*. 
However, (9) expresses a second order property, and it is false in R*. 
The hyperreals contain actual infinities, actual infinitesimals. For ex- 
ample x € R* is infinitesimal if and only if x ~ 0 and x < I/n for all 
n € N. The usual argument that “infinitesimals do not exist” actually 
proves that real infinitesimals do not exist; that is, that the infinitesimals 


. - : m 
in R* do not belong to R. But that is entirely reasonable, because #* is 


bigger than R. Incidentally, the “correct” analogue of (9) in R* is 
(10) if x < 1n for all n € N* then x = 0, 


and this is true. So changing (9) to refer to the nonstandard natural 
numbers instead of the standard ones makes a big difference. 

The extension from reals to hyperreals is just one further example of 
the ancient game of extending the number system in order to secure a 
desirable property (see pp. 52—63). For example, the rational numbers 
were extended to the reals to allow 2 to have a square root; and the real 
numbers were extended to the complex numbers to allow -1 to have a 
square root. So why not extend from real numbers to hyperreal numbers 
to allow infinitesimals to exist? 

We can use R* to prove theorems about R, because the number sys- 
tems R and R* are indistinguishable as far as first order properties are 
concerned. However, R* has all sorts of new features, such as infinites- 
imals and infinities, which can be exploited in new ways. These new 
features are second order properties, which is why the new systems can 
have them even though the old ones cannot. Similar remarks apply to 
the subsystems N and N*, Z and Z*, and Q and Q*. 

A few definitions will give the flavor of the approach. A hyperreal 
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number is finite if it is smaller than some standard real. It is infinites- 
imal if it is smaller than all positive standard reals. Anything not finite 
is infinite, and anything not in R is nonstandard. If x is infinitesimal 
then l/r is infinite, and vice versa. 

None of this would be of any great importance if all that could be 
done was invent a new number system. But even though R and R* are 
different, they are intimately connected. In fact, every finite hyperreal x 
has a unique standard part std(x) which is infinitely close to x, that is, 
x — std(xr) is infinitesimal. In other words, each finite hyperreal has a 
unique expression as “standard real plus infinitesimal.” It is as if each 
standard real is surrounded by a cloud of infinitely close hyperreals, 
often called its halo. And each such halo surrounds a single real, which 
for some obscure reason is usually called its shadow, although a word 
like “core” or “center” would convey the image better. By using the 
standard part we can transfer properties from A* to R, or vice versa. 

To see how proofs in nonstandard analysis differ from their standard 
counterparts, consider Leibniz's calculation of the derivative of the func- 
tion y = fx) = a". What he does is take a small number Ax and form 
the ratio [Rx + Ax) — Ka) Ax. (Newton's approach was basically the 
same, except that he used the symbol o in place of Ax.) Following Leib- 
niz we calculate: 


Sæ + Ax) JO). Get Arye aa 
Ax 7 Ar 
aA ge oa eee oe 
= Ax 
_ 2xAx + (Ax) 
7 Ar 


= 2r + Ay. 


Leibniz then argued that since A.r is infinitesimal, it can be ignored, 
leaving 2r. However, Ar must be nonzero in order for [x + Axr) — 
Kanji Aw to make sense, in which case 2r + Aw is not equal to 2r. It 
was this difficulty that led Bishop Berkeley to write his famous critique 
The Analyst, Or a Discourse Addressed to an Infidel Mathematician, 
in which he pointed out some logical inconsistencies in the foundations 
of the calculus. 

Weierstrass overcame Berkeley’s objections by adding one final step: 
take the limit as Ar tends to zero. (Both Leibniz and Newton had ex- 
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pressed similar ideas, but not with the same crystal clarity as 
Weierstass’s £ and 6.) Because nonzero values of Ax can tend to zero, 
we may assume all values of Ax that are encountered during the cal- 
culation are nonzero, so that dividing by Ax is meaningful. Then we take 
the limit as Ax — 0 to get rid of that awkward extra term Ax and leave 
the required answer 2x. 

In nonstandard analysis there is a simpler way. Take x to be finite 
and standard (that is, let x € R) and assume that Ax is a genuine infin- 
itesimal. Instead of 22 + Ax take its standard part std(2x + Ax), which 
is 2x. In other words, define the derivative of f(z) to be 


raf + Ay) =f} 
i Ar 


where x is a standard real and Ax is any infinitesimal. The innocent- 
looking idea of the standard part is exactly what is needed to make the 
derivative a real function of x instead of a hyperreal function of x and 
Ax. It is a perfectly rigorous way of removing the Ax term, because 
std(x) is a uniquely defined real. Instead of the extra Ax being swept 
under the carpet with much special pleading, it is neatly expunged. 


A course in nonstandard analvsis looks like an extended parade of 
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exactly those errors that Courant and Robbins spend so many pages 
teaching us to avoid. For example: 
1. A sequence s, converges to a limit L if s, — L is infinitesimal for 
all infinite w. (Compare with p. 291.) 
2. A function fis continuous at x if x + £) is infinitely close to fCr) 
(that is, f(x + £) — f(x) is infinitesimal) for all infinitesimal £. (Com- 
pare with p. 310.) 
3. The function f has derivative d at v if and only if [f(r + Ar) — 
JDA x is infinitely close to d for all infinitesimals A x. (Compare 
with p. 417.) 
4. The area of a curved region is an infinite sum of infinitesimal rec- 
tangles. (Compare with p. 405.) 
However, within the framework of nonstandard analysis these state- 
ments can be given a rigorous meaning. 
In fact, nonstandard analysis does not lead to any conclusions about 
R that differ from standard analysis. It is easy to conclude from this that 
there is no point in using the nonstandard approach, because “it does 
not lead to anything new.” But this criticism is not conclusive: the ques- 
tion is not “does it give the same results?” so much as “is it a simpler 
or more natural way to derive those results?” As Newton showed in his 


NONSTANDARD ANALYSIS D23 


Principia, anything that can be proved with calculus can also be proved 
by classical geometry. In no way does this imply that calculus is worth- 
less, and the same goes for nonstandard analysis. 

Experience suggests that proofs via nonstandard analysis are usually 
shorter and more direct than the classical epsilon-delta proofs. This is 
because they avoid complicated estimates of the sizes of things, which 
form the bulk of the classical proof. The main obstacle to the wide- 
spread adoption of nonstandard analysis is that its appreciation requires 
a background with an emphasis on mathematical logic—very different 
from traditional analysis. 


APPENDIX 
SUPPLEMENTARY REMARKS, PROBLEMS, AND EXERCISES 


Many of the following problems are intended for the somewhat ad- 
vanced reader. They are designed not so much to develop routine 
technique as to stimulate inventive ability. 


Arithmetic and Algebra 


(1) How do we know that 3 does not divide any power of 10, as 
stated on page 61? (See p. 47.) 

(2) Prove that the principle of the smallest integer is a consequence 
of the theorem of mathematical induction. (See p. 19.) 

(3) By the binomial theorem applied to the expansion of (1 + 1)”, 
show that Co + Ci + Ci +---+ Ch = 2". 

(*4) Take any integer, z = abc---, form the sum of its digits, 
a+b+c+4+.--, subtract this from z, cross out any one digit from 
the result, and denote the sum of the remaining digits by w. From a 
knowledge of w alone, can a rule be found for determining the value 
of the digit crossed out? (There will be one ambiguous case, when 
w = 0.) Like many other simple facts about congruences, this can be 
used as the basis for a parlor trick. 

(5) An arithmetical progression of first order is a sequence of numbers, 
a,a+d,a-+ 2d, a + 3d, --- , such that the difference between suc- 
cessive members of the sequence is a constant. An arithmetical pro- 
gression of second order is a sequence of numbers, a; , @2, a3, --- such 
that the differences a:,, — a; form an arithmetical progression of first 
order. Similarly, an arithmetical progression of kth order is a sequence 
such that the differences form an arithmetical progression of order 
k — 1. Prove that the squares of the integers form an arithmetical 
progression of second order, and prove by induction that the kth powers 
of the integers form an arithmetical progression of order k. Prove that 
any sequence whose nth term, an, is given by the expression co + cmn + 
con’? + .-. + cn, where the c’s are constants, is an arithmetical pro- 
gression of order k. *Prove the converse of this statement for k = 2; 
k = 3; for general k. 


me” 
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(6) Prove that the sum of the first n terms of an arithmetical progres- 
sion of order k is an arithmetical progression of order k + 1. 

(7) How many divisors has 10,296? (See p. 25.) 

(8) From the algebraic formula (a? + b’)(c? + d’) = (ac — bd)? + 
(ad + bc)’, prove by induction that any integer r = aia --- an , where 
all the a’s are sums of two squares, is itself a sum of two squares. Check 
this with 2 = 1+ 1°, 5 = 1+ Ž, 8 = 2?+ 2’, ete. for r = 160, 
r = 1600, r = 1300, r = 625. If possible, give several different repre- 
sentations of these numbers as sums of two squares. 

(9) Apply the result of Exercise 8 to construct new Pythagorean 
number triples from given ones. 

(10) Set up rules for divisibility similar to those on page 35 for number 
systems with the bases 7, 11, 12. 

(11) Show that for two positive rational numbers, r = a/b and 
s = c/d, the inequality r > s is equivalent to ac — bd > 0. 

(12) Show that for positive r and s, with r < s, we always have 

r+s 2 2 
5 <8 and O7 + Ga} ~ 27 < (r + 8)’. 

(13) If z is any complex number, prove by induction that 2* + 1/2” 
can be expressed as a polynomial of degree n in the quantity w = z + 1/z. 
(See p. 100.) 

(*14) Introducing the abbreviation cos g + tsing = E(y), we have 
[E(v)]” = E(me). Use this and the formulas of page 13 on geometrical 
series, which remain correct for complex quantities, in order to prove 
that 


r< 





cos 5 — cos (n + 4)¢ 


sin y + sin 2% + sin 3y + --- + sin ng = — ~, 
2 sin £ 
2 
4+ cos y + cos 2y + cos 3y + --- + cos ng = P O + De 
2 sin $¢ 


(15) Find what the formula of Exercise 3 on page 18 yields, if we sub- 
stitute g = E(¢). 
Analytic Geometry 


A careful study of the following exercises, supplemented by drawings 
and numerical examples, will help in mastering the elements of analytic 
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geometry. The definitions and simplest facts of trigonometry are 
presupposed. 

It will often be useful to think of a line or a segment as being directed 
from one of its points toward another. By the directed line PQ (or 
the directed segment PQ) we shall mean the line (or segment) having 
the direction from P toward Q. In the absence of explicit specification 
a directed line } will be supposed to have a fixed but arbitrary direction; 
except that the directed z-axis will be taken to be directed from O 


r ` * +. P fod ° * 
? = and milarliu f +h 
toward a point on it with positive z-codrdinate, and similarly for the 


directed y-axis. Directed lines (or direeted segments) will then be said 
to be parallel if and only if they have the same direction. The direction 
of a directed segment on a directed line can be indicated by attaching 
a plus or a minus sign to the distance between the endpoints of the 
segment, aceording as the segment has the same direction as the line 
or the opposite direction. It will be desirable to extend the terminology 
“segment PQ” to the case in which P and Q coincide; to such a “‘seg- 
ment” we must clearly assign length zero, but no direction. 

(16) Prove: If P(r, yı) and Pe(z2, yz) are any two points, the co- 
ordinates of the midpoint, Po (zo, yo), of the segment P,P: are to = 
(zı + 22)/2, Yo = (yı + y2)/2. More generally, show that, if P, and 
P, are distinct, then the point Po on the directed line P,P: for which 
the ratio PıPo: P:P, of the directed lengths has the value k, has the 
coérdinates 


zo = (1 — k)zi + kr, yo = (1 — kyi + kye. 


(Hint: Parallel lines eut two transversals in proportional segments.) 

Thus the points on the line P,P} have coérdinates of the form 
T = Mti + Aome, Y = Ayr + Aye, With AY + AZ = 1. The values 
A; = 1 and ` = 0 characterize the points P, and P; respectively. Nega- 
tive values of ^; characterize points beyond P,, and negative values 
of à: characterize points before Pi. 

(17) Characterize the position of points on the line in a similar man- 
ner by means of the values of Ñ. 

It is just as important to use positive and negative numbers to indi- 
cate the directions of rotations as of distances. By definition, the 
direction of rotation that brings the directed z-axis into coincidence 
with the directed y-axis after a rotation of 90° is taken as positive. In 
the usual coérdinate system, with the positive x-axis directed to the 
right and the positive y-axis upward, this is the counterclockwise sense 
of rotation. We now define the angle from a directed line h to a di- 
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rected line l, as the angle through which J; must be rotated in order to 
become parallel to l}. Of course, this angle is determined only up to 
integral multiples of a complete revolution of 360°. Thus the angle 
from the directed x-axis to the directed y-axis is 90° or — 270°, etc. 
(18) If æ is the angle from the directed z-axis to the directed line l, 
if Pi, Pa are any two points on J, and if d denotes the directed distance 
from P, to Pa, show that 
Ta J T sina = a5, (r: — 71) sin a = (yz — Yı) COS a. 
If the line 7 is not perpendicular to the z-axis, the slope of lis de- 
fined as 





cosa = 


2 
m= tana = 274, 
tq — Tı 
rT“L. vali nf ann Anne mn 4 Anmann Ad ne tha cho an nf Albeanti | ah. 
ine value OI 7% does HOL UCPECLUU OO Ue CHOICE UI UL ection on tne 
line, since tan a = tan (a + 180°), or, equivalently, (yı — ye) 


(zı — 2) = (y2 — y:)/(a2 — 21). 

(19) Prove: The slope of a line is zero, positive, or negative, accord- 
ing as a parallel to it through the origin lies on the z-axis, in the first 
and third quadrants, or in the second and fourth quadrants, 
respectively. 

We distinguish a positive and a negative side of a directed line / as 
follows. Let P be any point not on l, and let Q be the foot of the 
perpendicular to l through P. Then P is on the positive or negative 
side of | aceording as the angle from I to the directed line QP is 90° 
or —90°. 

_We shall now determine the equation of a directed line 1. We draw 
through the origin O a line m perpendicular to l, and direct m so that 
the angle from it to lis 90°. The angle from the directed z-axis to m 
will be called 8. Then a = 90° + £, sin a = cos $, cosa = —sin £. 
Let R with coérdinates 2; , yı be the point where m meets 1. We shall 
denote by d the directed distance OR on directed m. 

(20) Show that d is positive if and only if O lies on the negative side 
of l 

We have zı = d cos f, yı = d sin 8 (eompare Ex. 18). Hence, 
(x — r) sina = (y — yı) cosa, or (x — d cos 8) cos 8 = —(y — d sin £) 
sin 8, which gives the equation 


zecos8 + ysinB —d = 0. 
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This is the normal form of the equation of the line 1. Note that this 
equation does not depend on the direction assigned to l, for a change 
in direction would change the sign of every term on the left side, and 
hence would leave the equation unchanged. 

By multiplying the normal equation with an arbitrary factor, we ob- 
tain the general form of the equation of the line: 


ar + by +c=0. 


To retrieve from this general form the geometrically significant normal 
form we must multiply by a factor which will reduce the first two co- 
efficients to cos 8 and sin £, whose squares add up to 1. This may be 
done by the factor 1/.+/a? + b?, which yiclds the normal form 


a C 


b 
——— T + -- = + — = 0, 
Va + b? Vea be Va + b 
so that we have 
a b c 
Va + b? Vat + b Va + b 


(21) Show: (a) that the only factors that will reduce the general 
form to the normal form are 1/+/a? + b and —1/+/a? + b?; (b) that 
the choice of the one or the other of these factors determines which 
direction is assigned to the line; and (c) that, when onc of these factors 
has been used, the origin is on the positive or negative side of the result- 
ing directed line, or is on the line, according as d is negative, positive, 
or zero. 

(22) Prove directly that the line with slope m through a given point 
Po(xo, yo) is given by the equation 


Y — Ya = M(T — z), or y= mrt yj — mz. 


Prove that the line through two given points, Pi(zı, y:), Pe(ze, y2), 
has an cquation 


(ye — y:)(t — M1) = (a2 — r)(y — ~). 


The x-coérdinate of a point in which a line or curve cuts the z-axis 
is called an x-intercept of the curve; similarly for y-intercept. 
(23) By dividing the gencral equation of Exercise 20 by an appropriate 
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factor, show that the equation of a line may be written in the intercept 
form, 


Tuy 
ato l, 


where a and b are the z- and y-intercepts. What exceptions are there? 
(24) By a similar procedure show that the equation of a linc not 
parallel to the y-axis may be written in the slope-intercept form, 


y= mr +b. 


(If the line is parallel to the y-axis, its equation may be written as 
x= d.) 

(25) Let az + by + ¢ = 0 and a’z + b'y + č = 0 be equations of 
undirected lines } and l’, with slopes m and m’ respectively. Show that 
l and l’ are parallel or perpendicular according as: (a) m = m’ or 
mm’ = —1. (b) ab’ — a'b = 0 or aa' + 6b’ = 0. (Note that (b) 
holds even when a line has no slope, i.e. is parallel to the y-axis.) 

(26) Show that the equation of a line through a given point Po(2o , yo) 
and parallel to a given line J with equation az + by + c = 0 has the 
equation az + by = at)» + byo. Show that a similar formula, bz — ay = 
bzo — ayo, holds for the equation of the line through P, and perpen- 
dicular tol. (Note that if the equation of J is in the normal form, so 
also will the new equation be, in each case.) 

(27) Let z eos 8 + y sin 8 — d = 0 and axr + by + c = 0 be the 
normal and general forms of the equation of a line 1. Show that the 
directed distance h from I to any point Q(u, v) is given by 


h=ucos8+ using — d, 
or by 


au +t bw +e, 
EVa te! 


and that h is positive or negative according as Q is on the positive or 
negative side of the directed line / (the direction having been determined 
by £, or by the choice of the sign before V/a? + b). (Hint: Write the 
normal form of the equation of the line m through Q parallel to l, and 
find the distance from l to m.) 

(28) Let U(x, y) = 0 represent the equation az + by +c = Oof a 
line l; similarly for l'(x, y) = 0. Let A and 2’ be constants, with 
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A+A = 1. Show that, if / and l’ intersect in Po(xo , yo), then every 
line through Po has an equation 


Al(x, y) + AT (x, y) = 0, 


and conversely; and that every such line is uniquely determined by the 
choice of a pair of values for à and X’. (Hint: Po lies on l if and only 
if Lto, yo) = ato + byo + c = 0.) What lines are represented if ł 
and I’ are parallel? Note that the condition A + A’ = 1 is unnecessary, 
but serves to determine a unique equation for each line through Po. 

(29) Use the result of the previous exercise to find the equation of a 
line through the intersection Po of l and l’ and through another point, 
P(x, yı), Without finding the codérdinates of Po. (Hint: Find à and 
\’ from the conditions A(z: y) + AU (21, y) = 0,A +A’ = 1.) Check 
by finding the codrdinates of Po (see pp. 76-77) and showing that 
Ps lies on the line whose equation you have found. 

(30) Prove that the equations of the bisectors of the angles formed 
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by intersecting lines ļ and } are 
Va? + b” Ua, y) = Va? + bl (z, y). 


(Hint: See Ex. 27.) What do these equations represent if J and I’ 
are parallel? 

(31) Find the equation of the perpendicular bisector of the segment 
P,P. by each of the following methods: (a) Find the equation of line 
P,P; ; find the coérdinates of the midpoint Po of segment P,P; ; find 
the equation of the line through Po perpendicular to P,P,. (b) Write 
the equation expressing the fact that the distance (p. 74) between P, 
and any point P(x, y) on the perpendicular bisector is equal to the 
distance between P, and P; square both sides of the equation and 
simplify. 

(32) Find the equation of the circle through three non-collinear 
points, P,, P2, Pa, by each of the following methods: (a) Find the 
equation of the bisectors of the segments P,P; and P:P; ; find the co- 
ordinates of the center as the point of intersection of these lines; find 
the radius as the distance between the center and P,. (b) The equa: 
tion must be of the form z? + y’ — 2az — 2by = k (see p. 74). Since 
each of the given points lies on the circle we must have 


xi + yi — 2ar, — 2by, = k, 
k, 
k, 


ri + yi — 2ar, — 2bye 
ty + y3 — 2ar — Zby: 
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for a point lies on a curve if and only if its codrdinates satisfy the equa- 
tion of the curve.. Solve these simultaneous equations for a, b, k. 

(33) To find the equation of the ellipse with major axis 2p, minor 
axis 2g, and foci at F(e, 0) and F(—e, 0), where e’ = p° — q’, use the 
distances r and r’ from F and F’ to any point on the curve. By defini- 
tion of the ellipse, r + r’ = 2p. By using the distance formula on 
page 74, show that 


r°? — r = (x +e)? — (x — e} = 4er. 


Since 
2 
r“ — r = (r + rr’ — r) = 2p(r — r), 

show that r’ — r = 2er/p. Solve this relation and r’ + r = 2p to 
find the important formulas 

e e 

r= —-r +p, r= ^zrt+p 
p P 


Since (again by the distance formula) r? = (z — e}? + 7’, equate this 
2 


, . e . 
expression for r° to the expression -5 x + p) just above, 


2 
(z — e +y = (-ż2 +p). 
p 
Expand, collect terms, substitute p’ — q° for e°, and simplify. Show 
that the result may be expressed in the form 


vy 
p? Gg 

Carry out the same procedure for the hyperbola, defined as the 
locus of all points P for which the absolute value of the difference 
r — r’ is equal to a given quantity 2p. Here e = p + q’. 

(34) The parabola is defined as the locus of a point whose distance 
from a fixed line (the directrix) is equal to its distance from a fixed 
point (the focus). If we choose the line x = —a as directrix and 
the point F(a, 0) as focus, show that the equation of the parabola may 
be written in the form y* = 4az. 


Geometrical Constructions 


(35) Prove the impossibility of constructing with ruler and compass 
the numbers +~/3, ~/4, v5. Prove that the construction of «ya 
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is only possible if a is the cube of a rational number. (See p. 134, ff.) 

(36) Find the sides of the regular 3-2"-gon and of the 5.2"-gon and 
eharacterize the corresponding sequences of extension fields. 

(37) Prove the impossibility of trisecting with ruler and compass an 
angle of 120 or 30 degrees. (Hint for the case of 30°: The equation to 
be discussed is 42° — 3z = cos 30° = 44/3. Introduce a new unknown, 

= 24/3, and obtain an equation for z from which the non-constructi- 
bility of z follows as in the text, p. 139.) 

(38) Prove that the regular 9-gon is not constructible. 

(39) Prove that the inversion of a point P(x, y) into the point P’(z’, y’) 
in the circle with the radius r about the origin is given by the equations 


1} 


_ or ,. yf 
Cope YO 
Find algebraically the equations giving z, y in terms of x’, y’. 

(*40) Prove analytically by using Exercise 39 that by inversion the 
totality of circles and straight lines is transformed into itself. Check 
the properties a) - d) on page 142 separately, and likewise the trans- 
formations corresponding to Figure 61. 

(41) What becomes of the two families of lines, x = const. and 
y = const., parallel to the codrdinate axes, after inversion in the unit 
circle about the origin? Find the answer without and with analytic 
geometry. (See p. 160.) 

(42) Carry out the Apollonius constructions in simple cases of your 
own selection. Try the solution analytically according to the method 
of page 125. 


Projective and Non-Euclidean Geometry 


(43) Find all the values of the cross ratio à of four harmonic points, 
if the points are subjected to permutations. (Answer: A = —1, 2, 4). 

(44) For what configurations of four points do some of the six values 
of the cross-ratio on page 176 coincide? (Answer: Only for \ = —1 
or à = 1; there is also one imaginary value of à for which A = 1/(1 — A), 
the ‘“equianharmonic”’ cross-ratio.) 

(45) Show that a cross-ratio (ABCD) = 1 means coincidence of the 
points C and D. 

(46) Prove the statements about the cross-ratio of planes, page 176. 

(47) Prove that if P and P’ are inverse with respect to a circle and 
if the diameter AB is collinear with P, P’, then the points A, B, P, P’ 
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form a harmonie quadruple. (Hint: Use the analytic expression (2) 
on p. 178, take the circle as the unit circle and AB as the axis.) 

(48) Find the coérdinates of the fourth harmonic point to three points 
Pı, Pa, Ps. What happens if P, moves to the midpoint of P,P: ? 


(See p. 178.) 
(*49) TT... we ae bh Hee 4 Ala n dh o e Af an li Pe ons 
\ fu) Use Dandelin 3 spneres Lu develop the wneory oi Con sections. 


In particular prove that they are all (except for the cirele) geometrical 
loci of points whose distances from a fixed point F and a fixed line 2 
have a constant ratio k. For k > 1 we havea hyperbola, fork = la 
parabola, for k < 1 an ellipse. The line 2 is obtained by intersecting 
the plane of the conic with the plane through the cirele in which the 
Dandelin sphere touches thecone. (Since the circle does not come under 


thie sha rantamantin ¥voont ac a limiting nog it io not ntirealy arn- 
viis CNnaracvuerigatvion CACCPt aS a almMltingg Case, iv is DOU enurnay ap- 


propriate to choose this property as a definition of the conics, although 
this is sometimes done.) 

(50) Discuss: “A conic, regarded as both a set of points and a set 
of lines, is self-dual.” (See p. 209.) 

(*51) Try to prove Desargues’s theorem in the plane by carrying out 
the passage to the limit from the three-dimensional configuration of 
Figure 73. (See p. 172.) 

(*52) How many lines intersecting four given skew lines can be 
drawn? How can they be characterized? (Hint: Draw a hyperboloid 
through three of the given lines, see p. 212.) 

(*53) If the Poincaré circle is the unit circle of the complex plane, 
then two points z, and z: and the z-values wı , us of the two points of 
intersection of the ‘straight line” through these two points with the 

21 — Uh 22 — W 
unit circle define a cross-ratio -- 
Z1 “ We ta — UW: 
Exercise 8 on page 97, is real. Its logarithm is by definition the hy- 
perbolic distance between 2, and 23. 

(*54) By an inversion transform the Poinearé circle into the upper 
half plane. Develop the Poincaré model and its properties for this 
half plane directly and by means of this inversion. (See p. 224.) 


which, according to 








Topology 
(55) Verify Euler’s formula for the five regular polyhedra and for 
other polyhedra. Carry out the corresponding network reductions. 
(56) In the proof of Euler’s formula (p. 239) we are required to re- 
duce any plane network of triangles, by successive application of two 
fundamental operations, to a network consisting of a single triangle, for 
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which V —- E+ F =8 —3+1= 1. How can we be sure that the 
final result will not be a pair of triangles with no vertices in common, 
so that V- E+ F =6—6+2 = 2? (Hint: We can assume that 
the original network is connected, i.e. that one can pass from any vertex 
to any other along edges of the network. Show that this property 
cannot be destroyed by the two fundamental operations.) 

(57) We have admitted only two fundamental operations in the reduc- 
tion of the network. Might it not happen at some stage that a triangle 
appears having only one vertex in eommon with the other triangles of 
the network? (Construct an example.) This would require a third 
operation: Removal of two vertices, three edges, and a face. Would 
this affect the proof? 

(58) Can a wide rubber band be wrapped three times around a broom- 
stick so as to lie flat (i.e. untwisted) on the broomstick? (Of course, the 
rubber band must cross itself somewhere.) 

(59) Show that a circular disk from which the point at the center 
has been removed admits a continuous, fixed-point-free transformation 
into itself. 

(*60) The transformation which shifts each point of a disk one unit 
in a fixed direction obviously has no fixed points. Of course, this is 
not a transformation of the disk into téself, since some points will be 
taken into points outside the disk. Why does not the argument of 
page 255, based on the transformation P — P*, hold in this case? 

(61) Suppose we have a rubber inner tube, the inside of which is 
painted white and the outside black. Is it possible, by cutting a small 
hole, deforming the tube, and then sealing up the hole, to turn the tube 
inside out, so that the inside will be black and the outside white? 

(*62) Show that there is no ‘four color problem” in three dimensions 
by proving that for any desired number n, n bodies can be placed in 
space so that each touches all the others. 

(*63) Using either an actual torus surface (inner tube, anchor ring) 
or a plane region with boundary identification (Fig. 143), construct a 
map consisting of seven regions, each of which touches all the others. 
(See p. 248.) 

(64) The 4-dimensional tetrahedron of Figure 118 consists of five 
points, a, b, c, d, e, each of which is joined to the other four. Even if 
the connecting lines are allowed to be curved, the figure cannot be 
drawn in the plane in such a way that no two of the connections cross. 
Another configuration, containing ten connections, that cannot bedrawn 
in the plane without crossings consists of six points, a, b, c, a’, b’, c’, 
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such that each of the points a, b, c, is connected to each of the points 
a’, b',c'. Verify these facts by experiment, * and try to devise a proof, 
using the Jordan curve theorem as a basis. (It has been proved that 
any configuration of points and lines that cannot be represented in the 
plane without crossings must contain one of these two configurations 
as a part.) 

(65) A configuration is formed by taking the six sides of a 3-dimen- 
sional tetrahedron and adding one line joining the midpoints of two 
opposite sides. (Two sides of a tetrahedron are opposite if they have 
no common endpoint.) Show that this configuration is equivalent to 
one described in the preceding exercise. 

(*66) Let p, q, r be the three tips of the symbol E. The symbol 
shifted some distance away, giving another E, with tips p’, g’, r’. Can 
one join p to p’, q to q’, and r tor’ by three curves which do not cross 
each other or the E’s? 

If we go around a square, we change our direction four times, each 
time by an amount 90°, giving a total change of A = 360°. If we go 
around a triangle, it is known from elementary geometry that A = 360°. 

(67) Prove that if C is any simple closed polygon, then A = 360°. 
(Hint: Cut the interior of C into triangles, then remove boundary 
segments, as on p. 239. Let the successive boundaries be B,, Bz, 
B,,---, Ba. Then B, = C, and B, is a triangle. Show that, if A; 
corresponds to B; , then A; = A;n.) 

(*68) Let C be any simple closed curve with a continuously turning 
tangent vector. If A denotes the total change in the angle of the tangent 
as we traverse the curve once, show that here also A = 360°. (Hint: 


is 


Let po, pi, P2,°-*, Pn, po be points cutting C into small, nearly 
straight segments. Let C: be the curve with the segments gop, , PMP, 
-, Pipi, and the original ares pipiz1, +++ , Papo. Then Co = C, 


and Ca is composed of line segments. Show that A; = Anı, and use 
the result of the preceding exercise). Does this apply to the hypocy- 
cloid of Figure 55? 

(68) Show that if in the diagram of the Klein bottle on page 263 all 
four arrows are drawn clockwise, a surface is formed that is equivalent 
to a sphere with one disk replaced by a cross-cap. (This surface is 
topologicaily equivalent to the extended plane of projective geometry. ) 

(70) The Klein bottle of Figure 142 may be cut into two symm 


ntmanl 
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halves by a plane. Show that the result panei of two Moebius strips. 
(*71) In tbe Moebius strip of Figure 139 the two endpoints of each 
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transversal segment are identifed. Show that the result is topologically 
equivalent to a Klein bottle. 

All possible ordered pairs of points on a line segment (the two points 
coinciding or not) form a square, in the following sense. If the points 
of the segment are designated by their distances z, y from one end A, 
the ordered pairs of numbers (z, y) may be regarded as the Cartesian 
coérdinates of a point of the square. 

All possible pairs of points without regard to order (i.e. with (z, y) 
regarded as the same as (y, x)) form a surface S which is topologically 
equivalent to a square. To see this choose that representation which 
has the first point nearest the end A of the segment, if z = y. Thus S 
is the set of all pairs (x, y) where either z is less than y or z = y. Using 
Cartesian codrdinates, this gives the triangle in the plane with vertices 
(0, 0), (0, 1), (1, 1). 

(*72) What surface is formed by the set of all ordered pairs of points 
of which the first belongs to a line and the second to the circumference 
of a circle? (Answer: A cylinder.) 

(73) What surface is formed by the set of all ordered pairs of points 


on a airala? f Anowar A tamig X) 
FLAL h WIA We i ys BAALJI TY VA + sh Wasa kania d 


(*74) What surface is formed by the set of all unordered pairs of 
points on a circle? (Answer: A Moebius strip.) 

(75) Here are the rules of a game, played with pennies on a large 
circular table: A and B in turn place pennies on the table. The pennies 
need not touch eaeh other, and a penny may be placed anywhere on 
the table, so long as it does not extend over the edge or overlap a penny 
already on the table. Once placed, a penny may not be moved. In 
time, the table will be covered with pennies in such a way that no space 
large enough for another penny remains, The player who is able to 
place the last penny on the table wins. If A plays first, prove that no 
matter how B plays, A can be sure of winning, provided that he piays 
correctly. 

(76) If, in the game of Exercise 75 the table has the form of Figure 
125, b, prove that B can always win. 


Functions, Limits and Continuity 


(77) Find the continued fraction expansion for the ratio OB: AB 
of page 123. N g 
(78) Show that the sequence ao = +/2, Gna. = V2 + a, is mono- 
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tone increasing, bounded by B = 2, and hence has a limit. Show that 
this limit must be the number 2. (See pp. 125 and 326.) 

(*79) Try to prove, by methods similar to those used on pages 318 
and following, that given any smooth closed curve, a square may always 
be drawn whose sides are tangent to the curve. 

The function u = f(z) is called convez if the midpoint of the segment 
joining any two points of the graph of the function lies above the graph. 
For example, u = e” (Fig. 278) is convex, while u = log x (Fig. 277) ts 
not. 

(80) Prove that the function u = f(x) is convex if, and only if, 


F(x) + f(z) >f (2 + z), 
2 2 
with equality only for z, = a. 
(*81) Prove that for convex functions the more general inequality 


Aif(z1) + Mfz) > fizi + Azt) 


holds, where A; , Az: are any two constants such that A; + Ae = 1 and 
A; > 0, A» > 0. This is equivalent to the statement that no point 
of the segment joining two points of the graph lies below the graph. 

(82) Using the condition of Exercise 80 prove that the functions 
u = V1 4 z? and u = 1/z (for z > 0) are convex, i.e. that 


VI+ 22+ V1 4+ 23 y T + m\? 
a 2 1+ (254), 








1/fl ] 2 eas 
{++i f d 
9 (2 + ) Z Sin or positive zı and 22 , 


(83) The same for u = x°, u = z” for z > 0, u = sìn z for r <x < 2r, 
u = tan z for0 < r S 7/2, u = —V/1 — 2 forj] <1. 


Maxima and Minima 


(84) Find the path of shortest length between P and Q as in Figure 
178, if the path is supposed to meet the two given lines alternately n 
times. (See p. 333.) 

(85) Find the shortest connection between two points P and Q within 
a triangle with acute angles if the path is required to meet the sides of 
the triangle in a given order. (See p. 334.) 

(86) Draw the level lines and check the existence of at least two saddle 
points in a surface over a triply connected domain whose boundary is 
on the same level. (See p. 345.) Again we must exclude the case 
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where the tangent plane to the surface is horizontal along a whole 
closed curve. 

(87) Starting with two arbitrary positive rational numbers, a and b, 
form, step by step, the pairs Gang: = V'anba , Onis = (Gn + bn). Prove 
that they define a sequence of nested intervals. (The limit point as 
n — œ, the so-called arithmetical-geometrical mean of ap and bo, 
played a great rôle in the early researches of Gauss). 

(88) Find the length of the whole graph in Figure 219, and compare 
this with the total length of the two diagonals. 

(*89) Investigate conditions on four points, A,, A2, As, Aa, that 
show whether they lead to the case of Figure 216 or 218. 

(*90) Find systems of five points for which different street nets 
satisfying the angular conditions exist. Only some of them will yield 
relative minima. (See p. 361.) 

(91) Prove Schwarz’s inequality, 


(abi +--+ + anba) < (ai + ++. + anbi + ++. + ba) 


43 


valid for any set of pairs of numbers a;, b; ; prove that the inequality 
sign holds only if the a; are proportional to the b;. (Hint: Generalize 
the algebraic formula of Ex. 8.) 

(*92) With n positive numbers 2, --- , 2, we form the expressions 
s, defined by 


Sp = (Ziz +++ oe +++ +d)/CE, 


where the symbol “+ ...” means that all the Cy products of com- 
binations of k of these quantities are to be added. Then preve that 


HY Sint S Vss, 
where the equality sign holds only if all the quantities z; are equal. 


(93) For n = 3 these inequalities state iaat for three positive numbers 
a, b,c 





3/=- fab +act+the -atbte 
Vahe S y — "3 Sy . 
What extremal properties of the cube are implied by these inequalities? 
(*94) Find an are of a curve of shortest length joining two points 
A, B and including with the segment AB a prescribed area. (Answer: 
The are must be circular.) 
(*95) Given two segments AB and A'B’, find an arc joining A to B 
and one joining A’ to B’ such that the two ares include with the two 
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segments a prescribed area and have a minimum total length. (Answer: 
The ares are circular with the same radius.) 

(*96) The same for any number of segments, AB, A’B’, ete. 

(*97) On two lines intersecting at O find two points A and B, re- 
spectively, and join A with B by an are of minimal length such that 
the area included by it and the lines is prescribed. (Answer: The are 
is circular and perpendicular to the lines.) 

(*98) The same problem, but now the total perimeter of the domain 
included, i.e. the are plus OA plus OB is to be a minimum. (Answer: 
The solution is given by an arc of a cirele which bulges outward and 
touches the two lines.) 

(*99) The same problem for several angular sectors. 

(*100) Prove that the nearly plane surfaces in Figure 240 are not 
plane except for the stabilizing surface in the center. Remark: To 
find or characterize these curved surfaces analytically is a challenging 
unsolved problem. The same is true for the surfaces in Figure 251. 
In Figure 258 we actually have twelve symmetric planes meeting at 
120° in the diagonals. 

Advice for some additional soap film experiments. Carry out experi- 
ments indicated by Figures 256 and 257 for more than three connecting 
rods. Study the limiting cases for volume of air tending to zero. Ex- 
periment with non-parallel planes or other surfaces. Blow up the cubic 
bubble of Figure 258 until it fills the whole cube and bulges over the 
edges. Then suck the air out again, reversing the process. 

(*101) Find two equilateral triangles with given total perimeter and 
minimum area. (Answer: The triangles must be congruent (use cal- 
culus).) 

*(102) Find two triangles with given total perimetcr and maximum 
area, (Answer: One triangle degenerates into a point; the other one 
must be equilateral.) 

*(103) Find two triangles with given total area and minimum perim- 
eter. 

(*104) Find two equilateral triangles with given total area and maxi- 
mum perimeter. 


The Calculus 





(105) Differentiate the functions V] + z, VI + z, y r i by 


applying directly the definition of derivative, forming and transforming 
the difference quotient until the limit can be obtained easily by sub- 
stituting z, = z. (Sec p. 421.) 
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(106) Prove that the function y = ¢*", with y = 0 for z = 0, has 
all its derivatives zero at x = 0. 
(107) Show that the function of Exercise 106 cannot be expanded in 
a Taylor series. (See p. 477.) 
(108) Find the points of inflection (f(z) = 0) of the curves y = e” 
and y = 
(109) Pro ove 
distinct we hav 
f(z) _y_l 
f(z) fm] T — Ti 








*(110) Using the direct definition of the integral as limit of a sum, 
prove that for n — æ we have 


1 1 1 T 
n(rte tapet otara) i 


> (sin + sin 2 + see + sin È) > cosb — 1. 
n n n n 


(112) By drawing Figure 276 in large scale on codrdinate paper and 
counting the small squares in the shaded area, find an approximate 
value for x. 

(113) Use formula (7), page 441 
with a guaranteed accuracy of at least 1/100. 

(114) Prove: e"f = —1. (Seep. 478.) 

(115) A curve of given shape is expanded in the ratio l:z. L(x) 
and A(x) denote the length and area of the expanded curve. Show that 
L(z)/A(z) — 0 as z — © and, more generally, L(z)/A(zy¥ — 0 as 
x — æ, if k > 4. Check for circle, square and, * ellipse. (Area is of 
a higher order of magnitude than circumference. See p. 472.) 


f tla Wise nnn l 
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(116) Often the exponential function occurs in combinations given 
and denoted as follows: 


= sinh r = 4(e? — e”), v = cosh z = 4(e* + e~) 
e — e” 
e+e?’ 


called hyperbolic sine, hyperbolic cosine, and hyperbolic tangent respec- 
tively. These functions have many properties analogous to those of 





w = tanh r = 
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the trigonometric functions; they are linked to the hyperbola u* — v = 1 
much as the functions u = cos x and v = sin x are linked to the circle 
u? +v’ = 1. The following facts should be proved by the reader and 
compared with the corresponding facts concerning trigonometric 
functions: 


T to a NS D sinh z = cosh t man L — 17 2, 
L Cosn T = SIMI T, i7 sinh t = Cosn T, 4/ Lani T = 1/CoOsn a, 


sinh (x + x’) = sinh z- cosh x’ + cosh z sinh z’, 
cosh (x + x’) = cosh zr- cosh x’ + sinh z-sinh z’. 


The inverse functions are called z = arc sinh u = log (u + Vw + 1); 
¢ = are cosh v = log (w + Wy? — 1) (v > 1). 
Their derivatives are given by 





D are sinh u = —2_; Dare cosh y = ——— 
Vi + ve- 1 
D are tanh w = a (wj > 1). 


(117) On the basis of Euler’s formula check the analogy between 
hyperbolic and trigonometric functions. 
(*118) Find simple summation formulas for 


sinh x + sinh 2z + ..- + sinh nz 
and 
$ + cosh z + cosh 2x + --. + cosh nz 


analogous to those in Exercise 14 for trigonometric functions. 


Technique of Integration 


The theorem of p. 439 reduces the problem of integrating a function 
f(x) between the limits a and b to that of finding a primitive function 
G(x) for f(z), i.e. one for which G’(z) = f(x). The integral is then simply 
the difference G(b) — G(a). For these primitive functions, which are 
determined by f(x) (except for an arbitrary additive constant), the name 
‘indefinite integral” and the suggestive notation 


Giz) = f Fa) ax, 


without limits of integration, is customary. (This notation may be 
misleading for the beginner; see the remark on p. 438.) 
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Every formula of differentiation contains the solution of a problem of 
indefinite integration simply by interpreting it inversely as a formula of 
integration. We can extend this somewhat empirical procedure by two 
important rules, which are nothing but the equivalent of the rules of 
differentiation of a compound function and of a product of functions. 
In their integral form these are called the rules of integration by substitu- 
tion and integration by parts. 

A) The first rule results from the formula for the differentiation of a 
compound function, 


H(u) = G(x), 
where 
xz = (u) and u = p(z) 


are supposed to be functions of each other, uniquely determined in the 
interval under consideration. Then we have 


H'(u) = G'(z)ẹp' (u). 
If 
G'(z) = f(z), 
we can write 


Giz) = f fle) dz 
and also 
G'(z)p'(u) = f(x)b"(u), 
which, in consequence of the formula above for H’(u), is equivalent to 
Hla) = f IDW u) du. 
Hence, since H(u) = G(z), 
(I) EÈ 


Written in Leibniz’ notation (see p. 434) this rule takes the very 
suggestive form 


frede = f OF aw, 
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substituting z = log u = y(u). We then have y’(u) = r, f(z) = :, 


hence 
dz 
J = Je = log z, 
or 
tt lo log u 
u log u E 08 u. 


We can verify this result by differentiating both sides. We find 
1 


u log u 
b) J = f cot u du = J= du. Setting z = sin u = y(u) we find 





~ 5 (log log u), which is easily shown to be correct. 


y'(u) = cosu, fz) =z, 
hence, 


dz 
=- | 2 | 
J z og x 


or 


f cot udu = log sin u. 


This result can again be verified by differentiation. 
c) In general, if we have an integral of the form 


v) 2, 
T=] way? 


J= JZ- log z = log y(u). 
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d) J = pema N We put sin £ = u, cos r = 


_ du 
; Ta” Then 
e) J = pasa e Set log u = 


J = f| eZau= f zar =% = blog w. 


In the examples below (I) is used, starting from the left side. 
J= | dz Set fz = u. Then z = w and dz 


-— == 2u. T 
du 
fore 


dz 
Tu Then 
2 


J = f}. 2udu = Qu = We. 
i 


g) By the substitution z = au, where a is a constant, we find 
dz _ fdr 1 1 u = 1 du _ 1 are tan Ž 
+r du œ 1 -+w al+x a a` 


h) J= | VIZ è dr. Set r = cos u dz 





— 





»,— = — sinu, Then 
du 5 

J= - f sin? udu = - [e ay = -34i 
Using sin 2u = 2 sin u cos u = 


= 2 cos uy] — cosè u, we have 
l are cos z + iry 1 — r? 


Evaluate the following indefinite integrals and verify the results by 
differentiation: 


J=- 





119) f u, 124) f- dz 

J u+l x* + 2ux + b 
120) J ue” du. 125) | CVI + & dt. 
121) f= 


roe 
ise wD 126) iv; 
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Sx t 
123) peat 128) f co van 


a T 
= arc sinh —. 
a 





129) Prove that fats dx = - arc tanh ~ — z {4 


aa a? — r? 
(Compare examples g, D 
B) The rule (p. 428) for the differentiation of a product, 


(p(x) -g(x))’ = p(z)-q'(z) + p'(z)-g(2), 


can be written as an integral formula: 


p(2)-q(x) = | p(x)-a'(e) ax + f p'(e)-a(x) dz 
or 


(II) f P-ga) dz = paaa) — f v'@)-a(e) ae. 


In this form it is called the rule of integration by parts. This rule is 
useful when the function to be integrated can he written as a product of 
the form p(xr)q'(xz), where the primitive function q(x) of g'(x) is known. 
In that case formula (IL) reduces the problem of finding the indefinite 
integral of p(z)q’(x) to that of the integration of the function p’(r)gq(z), 
which is often much simpler to solve. 

Examples: 


a) J = | log rdz. Set p(x) = log z, g'(x) = 1, so that q(x) = 
Then (II) leads to 
[tog z az = xzxlogz — [fax =x log r — zr. 
b) J = i xz log zdz. Set p(x) = log z, q'(r) = x. Then 


2 


=* logs - f Š -dz = F loge — ©, 


ec) J = ba rsin rdr. Here we set p(x) = x, q(x) = —cos z and find 


[ «sin rdr = —z cos xz + sin z. 
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Evaluate the following integrals using integration by parts. 


130) f zë ae. 132) Je logzdzx (a * —1). 


131) l r’ cos rdr. (Hint: 133) f xe? dx. (Hint: l 


Apply (II) twice.) 


Jse Ex. 130.) 


Integration by parts of the integral f sin” x dx leads to a remarkable 


expression for the number 7 as an infinite product. To derive it we 
write the function sin” z in the form sin” x-sin x and integrate by 
parts between the limits 0 and 1/2. This leads to the formula 


e/2 7/2 
[ sin” x dz = (m — 1) [ sin™ * x cos’ x dx 
0 ð 


= —(m— 1) [- cin" x dz + (m—1) f sin™* zdz, 
0 0 
or 


7/2 
f sin "ra= 2 [" sin™? zdz, 
0 


because the first term on the right side of (II), pq, is equal to zero for 
the values 0 and 7/2. By repeated application of the last formula we 
find the following value for I m = ia sin™ x dx (the formulas differ accord- 


ing as m is even or odd): 








I _ 2n-—12n—-3 © ler 
2n Im In—-2 22’ 

L = 2n 2n—2 2 
tl "On +1 2n—1 3° 


Since 0 < sin z < 1 for 0 < x < x/2, we have sin’” z > sin” x > 
sin’”* x, so that 

Tena > Tan > Iny (see p. 414) 
or 

Iin. Tan 


> 


1, 
Irmy Inya > 
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Substituting the values calculated above for Im-1, etc. in the last in- 
equalities, we find . 


on 2-2.4-4-6-6 «++ (2n) (2n) 2 
If we now pass to the limit as n — œ we see that the middle term tends 
to 1, hence we obtain Wallis’ product representation for r/2: 
2.2.4.4.6-6 --- MM-M... 
2 1-3.3.5.5-7++. (an — 1)(Qn—1)-(Qn41).-- 
ZMD 
[(2n) !P(2n + 1) 





2n +1 1-3-3.5-5.7 ++: (2n — Dn- (2n +1) al, 








= lim a8 n> o, 


SUGGESTIONS FOR FURTHER READING 


GENERAL REFERENCES 


W. Ahrens. Mathematische Unterhaltungen und Spiele, 2nd edition, 
2 vols. Leipzig: Teubner, 1910. 

W. W. Rouse Ball. Mathematical Recreations and Essays, 11th edition, 
revised by H. S. M. Coxeter. New York: Macmillan, 1939. 

E. T. Bell. The Development of Mathematics. New York: McGraw- 
Hill, 19-40. 

Men of Mathematics. New York: Simon and Schuster, 1937. 

T. Dantzig. Aspects of Science. New York: Macmillan, 1937. 

A. Dresden. An Invitation to Mathematics. New York: Holt, 1936. 

F. Enriques. Questioni riguardanti le matematiche elementari, 3rd edi- 
tion, 2 vols. Bologna: Zanichelli, 1924 and 1926. 

E. Kasner and J. Newman. Mathematics and the Imagination. New 
York: Simon and Schuster, 1940. 

F. Klein. Elementary Mathematics from an Advanced Standpotnt, trans- 
lated by E. R. Hedrick and C. A. Noble, 2 vols. New York: 
Macmillan, 1932 and 1939. 

M.. Kraitchik. La Mathématique des Jeux. Brussels: Stevens, 1930. 

O. Neugebauer. Vorlesungen über Geschichte der antiken mathematischen 
Wissenschaften. Erster Band: Vorgriechische Mathematik. Ber- 
lin: Springer, 1984. 

H. Poincaré. The Foundations of Science. Laneaster, Pa.: Selence 
Press, 1918. 

H. Rademacher und O. Toeplitz. Von Zahlen und Figuren, 2nd edition. 
Berlin: Springer, 1933. 

B. Russell. Introduction to Mathematical Philosophy. London: Allen 
and Unwin, 1924. 

The Principles of Mathematics, 2nd edition. New York: 
Norton, 1938. 

D. E. Smith. A Source Book in Mathematics. New York: McGraw- 
Hill, 1929. 

H. Steinhaus. Mathematical Snapshots. New York: Stechert, 1938. 

H. Weyl. “The Mathematical Way of Thinking,” Science, XCII (1940) 
p. 437 fi. 








53-49 


50 SUGGESTIONS FOR FURTHER READING 


wl 


H. Weyl. Philosophie der Mathematik und Naturwtssenschaft, Handbueh 
der Philosophie, Bd. II. Munich: Oldenbourg, 1926, pp. 3-162. 


CHAPTER I 


L. E. Diekson. Introduction to the Theory of Numbers. Chicago: 
University of Chicago Press, 1931. 

Modern Elementary Theory of Numbers. Chicago: University 
of Chicago Press, 1939. 

G. H. Hardy. “An Introduetion to the Theory of Numbers,” Bulletin 
of the American Mathematical Society, XX XV (1929), p. 789 ff. 

G. H. Hardy and E. M. Wright. An Introduction to the Theory of 
Numbers. Oxford: Clarendon Press, 1938. 

J. V. Uspensky and M. H. Heaslet. Elementary Number Theory. 
New York: McGraw-Hill, 1939. 





II 


jea, 


CHAPTE 

G. Birkhoff and 5. MacLane. A S 
York: Macmillan, 1941. 

M. Black. The Nature of Mathematics. New York: Harecourt, Brace, 
1935. 

T. Dantzig. Number, the Language of Science, 3rd edition. New York: 
Macmillan, 1939. 

G. H. Hardy. A Course of Pure Mathematics, 7th edition. Cambridge: 
University Press, 1938. 

K. Knopp. Theory and Application of Infinite Sertes, translated by 
Miss R. C. Young. London: Blackie, 1928. 

A. Tarski. Introduction to Logic. New York: Oxford University 
Press, 1939. 

F. Enriques. The Historic Development of Logic, translated by J. Rosen- 
thal. New York: Holt, 1929. 


urvey of Modern Algebra. New 


CHAPTER III 


J. L. Coolidge. A History of Geometrical Methods. Oxford: Clarendon 
Press, 1940. 
A. De Morgan. A Budget of Paradoxes, 2 vols. Chicago: Open Court, 


1015 


A a hess 


L. E. Dickson. New First Course in the Theory of Equations. New 
York: Wiley, 1939. 


SUGGESTIONS FOR FURTHER READING 551 


F. Enriques (editor). Fragen der Llementargeometrie, 2nd edition, 
2 vols. Leipzig: Teubner, 1923. 

E. W. Hobson. “Squaring the Circle,” a History of the Problem. Cam- 
bridge: University Press, 1913. 

A. B. Kempe. How to Draw a Straight Line. London: Maemillan, 
1877. 

F. Klein. Famous Problems of Geometry, translated by W. W. Beman 
and D. E. Smith, 2nd edition. New York: Stechert, 1930. 

L. Mascheroni. La geometria del compasso. Palermo: Reber, 1901.. 

G. Mohr. Euclides Danicus. Copenhagen: Hølst, 1928. 

J. M. Thomas. Theory of Equations. New York: McGraw-Hill, 1938. 

L. Weisner. lniroduction to the Theory of Equations. New York: 


re a 


CHAPTER IV 


W. C. Graustein. Introduction to Higher Geometry. New York: Mace- 
millan, 1930. 

D. Hilbert. The Foundattons of Geometry, translated by E. J. Town- 
send, 3rd edition. La Salle, Ill.: Open Court, 1938. 

C. W. O'Hara and D. R. Ward. An Introduction to Projecttve Geom- 
etry. Oxford: Clarendon Press, 1937. 

G. de B. Robinson. The Foundations of Geometry. Toronto: Uni- 
versity of Toronto Press, 1940. 

Girolamo Saccheri. Euclides ab omni naevo vindicalus, translated by 
G. B. Halsted. Chieago: Open Court, 1920. 

R. G. Sanger. Synthetic Projective Geometry. New York: McGraw- 
Hill, 1939. 

O. Veblen and J. W. Young. Projecitve Geometry, 2 vols. Boston: 
Ginn, 1910 and 1918. 

J.W. Young. Projective Geometry. Chicago: Open Court, 1930. 


CHAPTER V 


P. Alexandroff. Einfachste Grundbegriffe der Topologie. Berlin; 
Springer, 1932. 

D. Hilbert und S. Cohn-Vossen. Anschauliche Geometrie. Berlin: 
Springer, 1932. 

M. H. A. Newman. Elements of the Topology of Plane Sets of Points. 
Cambridge: University Press. 1929 


~A oe ree | iLike My dkb Tsk Y A toy, Balsa 


H. Seifert und W. Threlfall. Lehrbuch der Topologie. Leipzig: Teub- 
ner, 1934. 


552 SUGGESTIONS FOR FURTHER READING 


CHAPTER VI 


R. Courant, Differential and Integral Calculus, translated by E. J. 
MeShane, revised edition, 2 vols. New York: Nordemann, 1940. 
G. H. Hardy. A Course of Pure Mathematics, 7th edition. Cambridge: 


mm Soc 


University P if itss, 1938. 
W. L. Ferrar. A Text-book of Convergence, Oxford: Clarendon Press, 
1938. 


For the theory of eontinued fractions see, e.g. 
S. Barnard and J. M. Child. Advanced Algebra, London: Mac- 
millan, 1939, 


CHAPTER VII 


R. Courant. “Soap Film Experiments with Minimal Surfaces,” Ameri- 
can Mathematical Monthly, XLVII (1940), pp. 167-174. 

J. Plateau. “Sur les figures d’équilibre d'une masse liquide sans 
pésanteur,” Mémoires de VT Académie Royale de Belgique, nouvelle 
série, XXIII (1849). 

Statique expérimentale et théoretique des Liquides. Paris: 1873, 


CHAPTER VIII 


C, B. Boyer. The Concepts of the Calculus, New York: Columbia 
University Press, 1939. 

R. Courant, Differential and Integral Calculus, translated by E. J. Mce- 
Shane, revised edition, 2 vols. New York: Nordemann, 1940. 

G. H. Hardy. A Course of Pure Mathematics, 7th edition. Cambridge: 
University Press, 1938. 





SUGGESTIONS FOR ADDITIONAL READING 


GENERAL REFERENCES 


D. J. Albers and G. L. Alexanderson (editors). Mathematical People. 
Boston: Birkhauser, 1985. 

D. J. Albers, G. L. Alexanderson, and Constance Reid (editors). More 
Mathematical People. New York: Academic Press, 1990. 

B. Bollobas (editor), Littlewood’s Miscellany. Cambridge: Cambridge 
University Press, 1986. 

J. L. Casti. Complexification. New York: HarperCollins, 1994. 

J. Cohen and I. Stewart. The Collapse of Chaos. New York: Viking, 1993. 

COMAP (editors). For All Practical Purposes. New York: Freeman, 1994. 

P. J. Davis and R. Hersh. The Mathematical Experience. Boston: Birk- 
häuser, 1981. 

. Descartes’ Dream. Brighton: Harvester, 1986. 

K. Devlin. Ali the Math That’s Fit to Print. Washington: Mathematical 
Association of America, 1994. 

. Mathematics: The New Golden Age. Harmondsworth: Penguin, 

1988. 

. Mathematics, the Science of Patterns. New York: Scientific 
American Library, 1994. 

I. Ekeland. The Broken Dice. Chicago: University of Chicago Press, 1993. 

. Mathematics and the Unexpected. Chicago: University of Chi- 
cago Press, 1988. 

G. T, Gilbert, M. I. Krusemeyer, and L. C. Larson. The Wohascum County 
Problem Book. Dolciani Mathematical Expositions 14. Washington: 
Mathematical Association of America, 1993. 

M. Golubitsky and M. J. Field. Symmetry in Chaos. Oxford: Oxford 
University Press, 1992. 

M. Guillen. Bridges to Infinity. London: Rider, 1983. 

R. Honsberger. Ingenuity in Mathematics, Washington: Mathematical 
Association of America, 1970. 

. Mathematical Gems I. Dolciani Mathematical Expositions 1. 
Washington: Mathematical Association of America, 1973. 

——.. Mathematical Gems IT. Dolciani Mathematical Expositions 2. 
Washington: Mathematical Association of America, 1974. 


553 

















54 SUGGESTIONS FOR ADDITIONAL READING 


— Mathematical Gems III. Dolciani Mathematical Expositions 9. 
Washington: Mathematical Association of America, 1985. 

K. Jacobs. Invitation to Mathematics. Princeton: Princeton University 
Press, 1992. 

M. Kline. Mathematical Thought from Ancient to Modern Times. Ox- 
ford: Oxford University Press, 1972. 

E. Maor. e: The Story of a Number. Princeton: Princeton University 
Press, 1994. 

J. R. Newman (editor). The World of Mathematics 4 volumes. New York: 
Simon and Schuster, 1956. 

I. Peterson. [stands of Truth. New York: Freeman, 1990. 

. The Mathematical Tourist. New York: Freeman, 1988. 

C. Reid. Courant: In Goettingen and New York. New York: Springer- 
Verlag, 1976. 

D. Ruelle. Chance and Chaos. Princeton: Princeton University Press, 
1991. 

M. Schroeder. Chaos, Fractals, Power Laws. New York: Freeman, 1991. 

I. Stewart. Concepts of Modern Mathematics. New York: Dover, 1995. 

. Does God Play Dice?. Oxford: Blackwell, 1989. 

—— —. From Here To Infinity. Oxford: Oxford University Press, 1996. 

. Nature’s Numbers. New York: Basic Books, 1995. 

. The Problems of Mathematics. Oxford: Oxford University Press, 
1992. 

I. Stewart and M. Golubitsky. Fearful Symmetry. Oxford: Blackwell, 
1992. 

M. Sved. Journey Into Geometries. Washington: Mathematical Associ- 
ation of America, 1991. 














CHAPTER IX 


§1. A Formula For Primes 


M. Davis, Y. Matijasevic, and J. Robinson. “Hilbert’s Tenth Problem. 
Diophantine Equations: Positive Aspects of a Negative Solution.” In 
Proceedings of Symposia in Pure Mathematics 28: Mathematical 
Developments Arising from Hilbert Problems. Washington: Ameri- 
can Mathematical Society. 1976, pp. 323-378. 

M. Davis and R. Hersh. “Hilbert’s Tenth Problem.” Scientific American 
229, no. 5 (1973): 84-91. 

K. Devlin. Mathematics: The New Golden Age. Harmondsworth: Pen- 
guin, 1988. 


SUGGESTIONS FOR ADDITIONAL READING 559 


J. P. Jones, D. Sato, H. Wada, and D. Wiens. “Diophantine Representa- 
tions of the Set of Prime Numbers.” American Mathematical 
Monthly 83 (1976):449-464. 

I. Stewart. Concepts of Modern Mathematics. New York: Dover, 1995. 


§2. The Goldbach Conjecture and Twin Primes 


K. Devlin. Mathematics: The New Golden Age. Harmondsworth: Pen- 
guin, 1988. 
W. Yuan. Goldbach Conjecture. Singapore: World Scientific, 1984. 


§3. Fermat’s Last Theorem 


E. T. Bell. The Last Problem. Washington: Mathematical Association of 
America, 1990. 

D. Cox. “Introduction to Fermat's Last Theorem.” American Mathe- 
matical Monthly 101 (1994):3-14. 

K. Devlin. Mathematics: The New Golden Age. Harmondsworth: Pen- 
guin, 1988. 

I. Katz. “Fame by Numbers.” The Guardian Weekend, April 8 1995, 34- 
42. 

P. Ribenboim. Thirteen Lectures on Fermat's Last Theorem. New York: 
Springer-Verlag, 1979. 

K. Rubin and A. Silverberg. “A Report on Wiles’ Cambridge Lectures.” 
Bulletin American Mathematical Society 31 (1994):15—38. 

l. Stewart. “Fermat's Last Time Trip.” Scientific American 269, no. 5 
(1993):85-88. 

From Here to Infinity. Oxford: Oxford University Press, 1996. 
. The Problems of Mathematics. Oxford: Oxford University Press, 
1996. 








§4. The Continuum Hypothesis 


Ariom raed . Cay t Th *' Fa i 
rnays. Artomdi tic Sel £RreCOry. New York: Dover, 1991. 


P. J. ‘Cohen and R. Hersh. ‘“Non-Cantorian Set Theory.” In Mathematics 
in the Modern World, edited by M. Kline. San Francisco: Freeman, 
1979. 

K. Devlin. Mathematics: The New Golden Age. Harmondsworth: Pen- 
guin, 1988. 

W. S. Hatcher. The Logical Foundations of Mathematics. Oxford: Per- 
gamon Press, 1982. 

S. Lavine. Understanding the Infinite. Cambridge: Ilarvard University 
Press, 1994. 


D 


3 


556 SUGGESTIONS FOR ADDITIONAL READING 


I. Stewart. “A Subway Named Turing.” Scientific American 271, no. 3 
(1994):90-92. . 
R. L. Vaught. Set Theory: An Introduction. Boston: Birkhäuser, 1985. 


§5. Set-Theoretic Not 


I. Stewart. Concepts of Modern Mathematics. New York: Dover, 1995. 
R. L. Vaught. Set Theory: An Introduction. Boston: Birkhauser, 1985. 


§6. The Four Color Theorem 


K. Appel and W. Haken. “The Four-Color Problem.” In Mathematics 
Today, edited by L. A. Steen. New York: Springer, 1978. 

— “The Four-Color Proof Suffices.” The Mathematical Intelli- 
gencer 8, no. 1 (1986):10—20. 

K. Devlin. Mathematics: The New Golden Age. Harmondsworth: Pen- 
guin, 1988. 

G. Ringel. Map Color Theorem. New York: Springer, 1974. 

T. L. Saaty. “Remarks on the Four Color Problem: The Kempe Catastro- 
phe.” Mathematics Magazine 40 (1967):31-36. 

I. Stewart. From Here to Infinity. Oxford: Oxford University Press, 1996. 

. The Problems of Mathematics. Oxford: Oxford University Press, 

1992. 

. “The Rise and Fall of the Lunar M-pire.” Scientific American 

268, no. 4 (199°3):90-91. 








§7. Hausdorff Dimension and Fractals 


M. F. Barnsley. Fractals Everywhere. Boston: Academic Press, 1993. 

B. B. Mandelbrot. The Fractal Geometry of Nature. New York: Freeman 
1982. 

H. O. Peitgen, H. Jürgens, and D. Saupe. Chaos and Fractals. New York: 
Springer-Verlag, 1992. 

I. Stewart. From Herve to Infinity. Oxford: Oxford University Press, 1996. 

. The Problems of Mathematics. Oxford: Oxford University Press, 

1992. 





§8. Knots 


C. W. Ashley. The Ashley Book of Knots. London: Faber and Faber, 1947. 

P. Freyd, D. Yetter, J. Hoste. W. B. R. Lickorish. K. Millett. and A. Oc- 
neanu. "A new Polynomial Invariant of Knots and Links.” Bulletin 
of the American Mathematical Society 12 (1985):239-246. 


SUGGESTIONS FOR ADDITIONAL READING 557 


V. F. R. Jones. “A Polynomial Invariant for Knots via von Neumann 
Algebras.” Bulletin of the American Mathematical Society 12 
(1985):103—111. 

V. F. R. Jones. “Knot Theory and Statistical Mechanics.” Scientific Amer- 
ican 263, no. 5 (1990):52-57. 

W. B. R. Lickorish and K. C. Millett. “The New Polynomial Invariants of 
Knots and Links.” Mathematics Magazine 61 (1988):3-23. 

C. Livingston. Knot Theory. Carus Mathematical Monographs 24. Wash- 
ington: Mathematical Association of America, 1993. 

I. Stewart. From Here to Infinity. Oxford: Oxford University Press, 1996. 

Knots, Links, and Videotape.” Scientific American 270, no. 1 


O0A mt 26 1482 
wut 


we LUO. 


The ‘oblems of Mathematics. Oxford: Oxford University Press, 
1992. 





(1 
V+ 





gn A Pr mr. hl ae, +. a a ira ee i 
Wee ŻA 2 ILUUUICILM Li Aechanics 


T. Poston. “Au Courant with Differential Equations.” Manifold 18 
(Spring 1976):6-9. 
I. Stewart, Game, Set, and Math. Oxford: Blackwell, 1989. 


§10. Steiner’s Problem 


M. W. Bern and R. L. Graham. “The Shortest-Network Problem.” Sci- 
entific American 260, no. 1 (1989):66—-71. 

E. N. Gilbert and H. O. Pollak. “Steiner Minimal Trees.” SIAM Journal 
of Applied Mathematics 16 (1968):1-29. 

Z. A. Melzak. Companion to Concrete Mathematics. New York: Wiley, 
1973. 

I. Stewart. “Trees, Telephones, and Tiles.” New Scientist 1795 (1991): 
26-29. 

P. Winter. “Steiner Problems in Networks: A Survey.” Networks 17 
(1987):129-167. 


§11. Soap Films and Minimal Surfaces 


F. J. Almgren Jr. “Minimal Surface Forms.” The Mathematical Intelli- 
gencer 4 no. 4 (1982):164-171. 

. Plateau's Problem, and Introduction to Varifold Geometry. 
New York: Benjamin, 1966. 

F. J. Almgren Jr. and J. E. Taylor. “The Geometry of Soap Films and 
Soap Bubbles.” Scientific American 235 no. 1 (1976):82-93. 





558 SUGGESTIONS FOR ADDITIONAL READING 


C. Isenberg. The Science of Soap Films and Soap Bubbles. New York: 
Dover Publications, 1992. 


§12. Nonstandard Analysis 
J. W. Dauben. Abraham Robinson: The Creation of Nonstandard Anal- 


ysis. Princeton: Princeton University Press, 1995. 

A. E. Hurd and P. A. Loeb. An Introduction to Nonstandard Real Anal- 
ysis. New York: Academic Press, 1985. 

M. J. Keisler. Foundations of Infinttesimal Calculus. New York: Prindle, 
Weber, and Schmidt, 1976. 

A. Robinson. Introduction to Model Theory and to the Metamathematics 
of Algebra. Amsterdam: North-Holland, 1963. 

K. D. Stroyan and W. A. U. Luxemburg. Introduction to the Theory of 
Infinitesimals. New York: Academic Press, 1976. 


INDEX 


absolute value, 57 
acceleration, 425 
addition, of complex numbers, 90 
of natural numbers, 1-3 
of rational numbers, 53 
of real numbers, 70 
of sets, 110 
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151 
complement of a set, 111 
complete quadrilateral, 170-180 
complex conjugate, 93 
complex numbers, 88—103 
absolute value of, 93 
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second, 426, 435 

Desargues’s theorem, 170-172, 187-188 

differential equations, 453-461 

differential quotient, 434 
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differentiation, 417, 423, 427-433, 462- 
464 

dimension, 248-251, 499-501 

Diophantine equations, 50-51, 487, 491 
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Dirichlet's principle, 368 
discontinuities of functions, 284-286 
discontinuous functions as limits of 
continuous functions, 325 
distance, 74, 316 
distributive laws, for natural nurubers, 
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for rational muimbers, 54 
for sets, 110 
divergence, of sequences, 294 
of series, 472 
division by zero excluded, 56, 90 
domain of a variable, 273 
doubling of the cube, 117, 134-135, 146, 
147 
duality, principle of, in algebra of sets, 
112 
in geometry, 191, 193-196, 209, 217 
duodecinial system, 6 
dyadic system, 8 
dynanucs, Newtonian, 460-1461, 506 


e, Euler's number, 297-299 
as base of natural logarithms, 445 
as limit, 448-450 
expressions for, 298, 302, 303 
irrationality of, 298-299 
eccentricity (of corucs), 75 
Ecole Polytechnique, 167 
ellipse, equation of, 75 
tangent properties of, 333334 
elliptic curves, theory of, 491-493 
elliptic geometry, 224-227, 489-190 
elliptic points, 226 
empirical induction, 10 
empty set, 18, 494 
epicycioid, 155 
equation, cyclotomic, 99-100 
Diophantine, 50—55, 487, 491 
multiplicity of roots of, 102 
of a curve, 74-77 
of circle, 74 
of ellipse, 75, 40-1 
of hyperbola, 75-76, 494 
of straight line. 75, 490—192 
quadratic, 91-92, 302 
roots of, 101 
equations of motion, 460—461 


equivalence of sets, 78 
Eratosthenes, sieve of, 25, 489 
ergodic motion, 363-354 
Erlanger program, 167 
Euclidean algorithm, 42-51, 494, 519 
Euler's characteristic, 236-240, 258- 
259, 262, 496—4197 
Buler's phi-function, 48—49 
excluded middle. law of, 86 
exhaustion, method of, 400 
existence, mathematical, 88 
existence proofs, 86, 366-373 
experimental solution of mininin 
problems, 385-397 
exponential function, 446-147, 449-150 
differential equation of, 154-457 
order of magrutude of, 469-470 
extension field, 129 
extraction of square root, geometrical, 
122 
extrema and inequalities, 361-366 
extreme distances to given curve, 336- 
338 
extremum problems, 329-397 
general principle in, 338—341 
in elementary geometry, 330-338 
with boundary conditions, 376-379, 
506-507 


factorial n, 17 
factorization, unique, 23, 46—48 
factors, prime, 23 
Fermat numbers, 25, 119 
Fermat's last theorem, 40-42. 491—493 
Fermat's principle, 381-383 
Fermat's theorem, 37-38, 49 
field, 56 
fields, algebra of number, 117-140 
geometric construction of, 120-127 
five color theorem, 26-267, 495—499 
fixed point theorem, 251-255 
focus of conic, 75 
formalism, 88, 215 
foundations of mathematics, 87-88 
four color prablem, 246-248, 495-199 
fractals, 499-501 
fractions, decinial, 6] 4¥3 
continued, 49-51, 301-303 
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Frey's elliptic curves, 491—492, 493 
functions (and limits), 272-328 
functions, conlpound, 282-283 
continuity of, 283-286, 288, 310-312, 
327-328 
convex, 500 
definition of, 274 
graphs of, 278 
inverse, 278-281 
monotone, 280 
of a complex variable, 478-479 
of several variables, 286-288 
primitive, 438 
fundamental theorem of algebra, 101- 
103, 269-271 
fundamental theorem of aritlunetic, 23, 
46-18 
fundamental theorem of the calculus, 
436-439 


generalization, principle of, 56 
genus of surface, 256-258, 262 
geodesic, 226 
geodesics on a sphere, 384-385 
geometric measure theory, 518 
geometrical constructions, theory of, 
117-164 
geometrical mean, 361-365 
geometrical progression, 13-14 
geometrical series, 65-66 
geometrical transformations, 140-141, 
165-167 
geometry, analytic, 72-77, 191-196, 
488-494 
axioms in, 214-217 
combinatorial, 230-234 
elliptic, 224-227, 489-190 
extremum problems in elementary, 
330-338 
hyperbolic, 218-224 
inversion, 140-146, 158-164 
metric, 169 
n-dimensional, 227-234 
non-Fuclidean, 218-227 
projective, 165-214 
Riemamuan, 224-227, 489--190 
synthetic, 165 


theory of constructions in, 117-164, 
196-198 
topological, 235-271, 502-503 
Goldbach's theorem, 30-31, 488—490 
graph of a function, 279 
greatest conunon divisor, 43-45 
Greek problems, three famous, 117, 
134-140 
growth, law of, 457 
group, 168 


harmonic conjugate, 175-176 
harmonic cross-ratio, 175-176 
harmonic series, 479-480 
Hart's inversor, 157-158 
Hausdorff dimension, 499-501 
heptagon, impossibility of constructing 
regular, 138-139 
Heron’s theorem, 330-332 
hexagon, constniction of regular, 123 
HOMEFLY polynomial, 505 
homogeneous coérdinates, 193-196 
hyperbola, equations of, 75-76 
tangent properties of, 334-336 
hyperbolic functions, 503-504 
hyperbolic geometry, 214-224 
hyperbolic points, 226 
paraboloid, 286 
hyperboloid, 212-214 
hyperreal numbers, 519-521 
hypocycloid, 154 


ideal elements in projective geometry, 
180-185 

image point (of mapping), 141 

imaginary numbers (see complex num- 
bers) 

incidence, 169 

incommensurable segments. 58-61 

independent variable, 275 

indirect proof, 86-87 

induction, empirical, 10 

mathematical, 9-20 

inequalities, 3-1, 15-16, 57, 58, 94, 322. 
361-366, 501 

infinite continued fractions, 301-303 

infinite decimals, 61—63 

infinite products, 300, 481-482 
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infinite series, 63-66, 472-477 
“infinitely small,” 433-436, 518-523 
infinitude of primes, 22, 26-27, 481 
infinity, 56, 77-88 
elements at (in projective geometry), 
180-185, 493 
mathematical analysis of, 77-88 
point at (in inversion geometry), 142 
integer, principle of the smallest, 18-19 
integers 
and continuum hypothesis, 493 
and definition of dimension, 499 
and fractal sets, 501 
and Hausdorff dimension, 500, 501 
negative, 55 
and nonstandard analysis, 520 
positive, 1-9 
integral, 399-414, 464-465, 504-510 
interest, compound, 457 
intersection of sets, 110, 494-495 
interval, 57 
intervals, nested, 68 
intuitionism, 86-87, 215 
invariance, 165-167 
of angles under inversion, 158-159 
of cross-ratio, 173-174 
inverse functions, 278-281 
inverse operations, 3 
inverse points, 141 
construction of, 144-145 
inversion geometry, 140-146, 158-164 
inversors, 155-158 
irrational numbers, as infinite decimals, 
63 
defined by cits, 71-72 
defined by nested intervals, 68-71 
defined by sequences, 72 
isoperimetric problems, 373-376 
iteration, limits by, 326-327 
Jones polynonual, 501, 503, 505 
Jordan curve theorem, 244-246, 267- 
269 
jump discontinuity, 284 


Klein's bottle, 262 
Klein's model, 219-222 
knots, 255-256, 501-505 


least squares, method of, 365-366 
Leibniz’ formula for 7, 441 
Leibniz and nonstandard analysis, 519, 
521-522 
length of a curve, 466-469 
level lines, 286-287 
light rays, extremum property of, 330— 
332 
light triangles, 352-353 
limits, 289-321 
by continuous approach, 303-312 
by iteration, 326-327 
examples on, 322-327 
of geometrical series, 65-66 
of infinite decimals, 63-66 
of Sequences, 289-303 
line at infinity, 182 
line conic, 207 
lines, concurrent, 170 
contour, 286-287 
coplanar, 176 
pencil of, 203 
linkages, 155-158, 501-505 
Liouville’s theorem, 104-107 
logarithm, natural, 28, 443-446, 450- 
453, 469-470, 500 
log n!, order of magnitude of, 471-472 
logic, mathematical, 87-88, 112-114 
logical product, 110, 494 
logical sum, 110, 494 


magnitude, orders of, 469-472 

Mandelbrot set, 499-500, 501 

map, regular, 264 

map-coloring problem, 246-248, 264- 
267 

mapping, 141 

Mascheroni constructions, 147-152 

mathematical induction, 9-20 

matheniatical logic, 87-88, 112-114 

maxima and minima, 328-397, 426-427, 
433 

mean, arithmetical, 361-365 

mean, geometrical, 361-365 


means, inequality connecting, 361-865 


mechanical instruments, constructions 
with, 152-155 
mechanics, problem in, 05—507 
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metamiathematics, 88 
metric geometry, 169 
minimax, points of, 343-345 
modulo d, 32 
modulus of complex number, 93 
Moebius strip, 259-262 
monotone function, 280 
monotone sequence, 295-297 
Morse relations, 345 
motion, equations of, 460-461 
ergodic, 353-354 
rigid, 141 
multiplicity of roots of algebraic equa- 
tion, 102 


natural numbers, 1-20, 520 

n-dimensional geometry, 227-234 

negative numbers, 54-55 

Newtonian dynamics, 460-461, 506 

non-denumerability of continuum, 81- 
83 

non-Euclidean geometry, 218-227 

nonstandard analysis, 518-523 

NP-complete, 512 

number fields, 127-134 

number system, 51-107, 501 

numbers, algebraic, 103-104 


cardinal, 83-86, 493 
complex, 88-103 
composite, 22 
constructible, 127-134 
fermat, 25, 119 
natural, 1-20, 520 
negative, M-55 
numbers, prime, 21-31 
Pythagorean, 40-42 
rational, 52-58, 520 
real, 58-72 
transcendental, 103-104 


one-sided surfaces, 259-264 
orders of magnitude, 469-472 


Pappus’ theorem, 188 
paradoxes of the infinite, 87 
paradoxes of Zeno, 305—306 
parallel postulate, 218 


parallelism and infinity, 180-185, 
493 

Pascal's theorem, 188, 191, 209-212 

Pascal's Triangle, 17 

Peaucellier’s inversor, 155~157 

pencil of lines, 203 

pentagon, construction of regular, 100, 
122-123 

perspective, 169 

pi, 140, 299-300, 303, 441-442 


nilanne at infinity IRA _1QA 
HHH 


FPF HM. cL 1b Ot Fy Toa r 


Plateau's problem, 386, 514, 515-516, 
518 
point conic, 204 
points, at infinity, 180-185 
collinear, 170 
range of, 207 
polyhedra, Euler characteristic of, 236- 
240, 258-259, 262 
genus of, 256-258, 262 
in n dimensions, 227-234 
one-sided, 259-262 
regular, 236-240 
simple, 236 
polynomial time, 509-512 
polynomials 
Alexander, 503, 505 
and computability, 488 
and formula for primes, 487-488 
HOMELY, 505 
Jones, 501, 503, 505 
and knots, 501, 503, 505 
variables of, 487-488 
positional notation, 4 
postulates, 214 
prime number theorem, 27-30, 482—486, 
487—490 
primes, 21-31, 481, 482-486, 487—490 
primitive functions, 438 
probability, 114-116 
product, infinite, 300, 481-482 
logical, 110 
progressions, arithmetical, 12-13, 26- 
27, 487-488 
projective correspondence, 178-204 
projective geometry, 165-214 
projective transformation, 167-170 
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proof: constructive, indirect, and exis- 
tential, 86-87 
and sense of “theorem,” 498 
via Nonstandard analysis, 523 
Pythagorean numbers, 40-42, 492 


quadrants, 73 

quadratic equation, 91-92, 302 
quadratic residues, 38 

quadric surfaces, 212-214 
quadrilateral, complete, 179-180 


radian measure, 277-278 
radioactive disintegration, 455-457 
range of points, 207 
rational nunibers, 52-58, 520 
density of, 58 
denumerability of, 79-80 
operations with, 53-54 
rational quantities, geometrical con- 
struction of, 120-122 
real numbers, 58-72 
continuum of, 68, 493 
operations with, 70-71, 519 
reflection, general extremuni problems 
in, 353-354 
in a circle, 140-146 
in a system of circles, 163-164 
in one or more lines, 330-332 
in triangles, 352-353 
repeated, 162-164 
regular polygons, construction of, 119, 
122-125, 495 
regular polyhedra, 236-240 
n-dimensional, 227-234 
relativity, 227, 229 
residues, quadratic, 38—10 
Rieniannian geometry, 224-227, 489- 
490 
rigid motion, 141 
roots of nnity, 98-100 


Schwarz's triangle problem, 346-354, 
BTT 

second derivative, 435, 426 

segment, 57, 73 

sense (of angles), 159 


septinial system, 5-6, 7-8 
sequences, 289-303 
bounded, 295 
convergent, divergent, and oscillating 
294 
sequences, monotone, 295-297 
theorem on, 315-316 
series, infinite, 472-477 
set, 78 
Cantorian, 494, 501 
compact, 316 
complement of, 111 
empty, 18, 494 
fractal, 501 
Mandelbrot, 499-500, 501 
sets, algebra of, 108-116, 494-495 
equivalence of, 78 
Sierpinski gasket, 501 
sieves, 25, 489, 490 
simple closed curve, 244 
simple polyhedron, 236 
simply connected, 243 
slope, 415, 490 
sniallest integer, principle of, 18-19 
soap film experiments, 385-397, 513- 
518 
solvability of problems, 118 
square root, geometrical construction 
of, 122 
squaring the circle, 140, 147 
stationary points, 341-346 
Steiner constructions, 151-152, 196- 
198 
Steiner's problem, 354-361, 377-379, 
391, 507-613, 515 
straightedge constructions, 151-152, 
196-198 
straight line, equation of, 75 
street network problem. See Steiner's 
probleni 
subfield, 138 
subscripts, 5 
subset, 109 
proper, 78 
sum, logical, 110, 494 
sini of first n cubes, 15 
sum of first n squares, 14 
surfaces, minimal, 513-518 
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one-sided, 259-264 
quadric, 212-214 
synthetic geometry, 165 


tangent, 415 

tangent properties of ellipse and hyper- 
bola, 333-336 

Taniyaina conjecture, 492-193 

Taylor series, 476-477 


theory of numbers, 21-51, 481, 482-486, 


491 
topological classification of surfaces, 
256-264, 502-503 
topological transformation, 241 
topology, 235-271 
and critical points, 345 
torus, 248 
three-diniensional, 262-264 
transcendence of pi, 104, 140 
transcendental numbers, 103-104, 104— 
107 
transformations, equations of, 288-289 
geometrical, 140-141, 165-167 
projective, 167-170 
topological, 241 
angles, extremum propert ties o 
332333, 346-353, 354-359 
and Steiner’s problem, 507-513 
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trigonometric functions, definition of, 
277 


. trisection of angle, 117, 137-138 


union (of sets), 110, 494—495 

unique factorization, 23, 46-48 

unit circle, 93, 492 

unity, roots of, 98-100 

unsolvability of Greek problems, 134— 
140 

unsolvability, proofs of, 120-140 


variable, 273-277 
complex, 478 
dependent, 275 
general notion of, 273 
independent, 275 
real, 274 
variations, calculus of, 379-385 
vector, 73 
velocity, 423-425 
vibrations, 458-459 


Wallis’ product, 482, 509-510 
Weierstrass’ theorem on extreme val- 

ues, 313-315, 316, 619, 521-522 
work, 465-466 


zero, 4 
zeta-function, 480-481. 489 


